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vision technology, instructional programming, precision servo control, and collision 

avoidance mechanism. These technologies help the robot complete smart assembly 

operations based on visual guides and force control and responds to demand from the 

consumer electronics industry for both flexible and traditional manufacturing [10]. 

 

Fig. 2. Famous human-robot collaborative robots. 

 

Fig. 3. The da Vinci surgical robot. 

 Likewise, there are many other robots, including the UR series from Universal 

Robots; CR-35iA from FANUC (with a maximum payload of 35 kg); and the 



60 In-vitro synthesis of RNA 

fragments specifying envelope 

protein gene and RdRp gene 

of SARS-CoV-2 as positive 

standards for molecular 

diagnosis tests.

Hang Thi Thu Dinh, Mai Ngoc 

Nguyen, Su Xuan Hoang

64 Association of BRAF 

V600E immunoexpression with 

clinicopathological variant 

groups in papillary thyroid 

carcinoma.

Hung Nguyen Van, Thanh Nguyen 

Tuan, Minh Tran Ngoc, Tuyen 

Pham Van, Luan Dao Thi

70 Review Cannabis: A new 

strategy against methicillin-

resistant Staphylococcus aureus.

Emerson Joseph Addison

79 Triterpenoid saponins from 

the root of Weigela florida.

Duc Hung Nguyen, Quang Tan Tu, 

Hoang Mau Chu

84 Bipolar disorder traits: An 

electroencephalogram systematic 

review.

Tien Dat Nguyen, Van Toi Vo, Thi 

Thanh Huong Ha

ENVIRONMENTAL SCIENCES 

91 Effects of settling time on 

the flocculation progress and 

treatment performance in the 

co-culture of microalgae-activated 

sludge photobioreactor.

Hong Hai Nguyen, Hong Ngoc 

Luong, Ngoc Kim Qui Nguyen, 

Le Phuong Uyen Nguyen, Phuong 

Thao Nguyen, Cong Sac Tran, 

Xuan Thanh Bui

CONTENTS
DECEMBER 2022 • VOLUME 64 NUMBER 4

92

87

 12 

 
Fig. 3. EEG microstates (A, B, C, D) in SCH, BD, HCs, and ALL for all types of 

subjects [11]. 

EEG microstate data were transformed into four types of microstate topographies 

(A, B, C, D). From the experimental results, the authors concluded that BD patients 

exhibited a greater presence of microstates A compared to that of SCH [11]. Regarding 

microstates B, BD patients exhibit a greater presence of those microstates than that of 

SCH [11], and a reduced presence of microstates B in BD compared to HCs [12]. BD 

patients displayed less presence of microstates C than that of SCH [11]. Finally, BD 

patients displayed a greater presence of microstates D than that of SCH [8]. Table 2 

illustrates all the findings from [11] and [13]. 

As can be seen from Table 2, bipolar patients exhibit greater frequent switching 

between microstates A and C, D and vice versa compared to SCH patients. Therefore, 

in clinical practice, microstate analysis can play a crucial role in diagnosing patients 

more accurately and treating them properly. 

Table 2. EEG microstate findings summary in BD and SCH. 

Microstate BD SCH 

 

 

BD patients exhibit a greater 

presence of microstate class 

A [11]. 
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1. Introduction
Information exchange between devices and applications 

requires security and authentication with high reliability per the 
demanding strict standards of this digital era. New requirements 
for digital signature solutions such as short digital signatures, fast 
processing speeds, message authentication without transmissions, 
and digital signature on short message and low bandwidth channel 
transmissions are essential for today’s applications [1-5]. To date, 
short digital signature solutions and signature authentication using the 
calculation of an elliptic curve, such as ECDSA, Elliptic Curve-based 
Schnorr Digital Signature Algorithm (ECSDSA), or Edwards-Curve 
Digital Signature Algorithm (EdDSA) have been applied widely in 
commercial products [1, 2, 6-9]. Among these, the digital signature 
solution with a short digital signature using the calculation of Weil 
and Tate bilinear pairing of the authors Boneh, Lynn, Schacham 
(2001) (denoted by the BLS short digital signature scheme) proves to 
meet the requirements [2, 10]. 

The BLS scheme uses a special supersingular curve with p=3, 
which raises the security level of the BLS scheme to be equivalent to 
the Digital Signature Algorithm (DSA) using a 1024-bit prime number 
[11-13]. The BLS short digital signature scheme is secure against 
attack with selected messages (according to a random oracle model), 
given that “Computational Diffie-Hellman based on an elliptic curve 

over finite field Fp
l (where p is a sufficiently large prime number) 

being difficult to solve” [1, 2]. The advantage of the BLS scheme 
when generating a digital signature is its simplicity as both the digital 
signature and signature verification processes use a non-degenerate 
bilinear pairing (Weil and Tate bilinear pairings) on the elliptic curve 
[2, 6, 10, 14-18]. Since this non-degenerate bilinear pairing calculus 
technique uses a supersingular elliptic curve over finite field Fp, such 
that both generic discrete log algorithm in E(Fp ) and the Number 
Field Sieve in Fp

l * are intractable, it is resistant to some Weil descent 
and MOV attacks [11, 12], as well as attacks by the Number Field 
Sieve algorithm [19-21]. Several publications have shown that 
elliptic curve cryptography (ECC) built on non-degenerate bilinear 
pairing could be a secure cryptosystem for today’s applications with 
one particular development being the supersingular isogeny Diffie-
Hellman (SIDH) [7, 22, 23].

This solution aims towards short processing time, fast 
computation, and convenient deployment on applications, making it 
fit for devices with low memory and transmission over low bandwidth 
channels. The authors have used computational techniques of Weil 
non-degenerate bilinear pairing (with a higher security multiplier 
α=12) in building a BLS short digital signature scheme based on a 
supersingular elliptic curve with functions for key generation, digital 
signature, and signature verification.

Implementation of Boneh - Lynn - Shacham short digital signature scheme 
using Weil bilinear pairing based on supersingular elliptic curves

Nhu-Quynh Luc*, Quang-Trung Do, Manh-Hung Le
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Abstract:

One option for a digital signature solution for devices with low memory and low bandwidth transmission over channels 
uses a short digital signature scheme based on Weil bilinear pairing aimed at short processing times, fast computation, 
and convenient deployment on applications. The computational technique of non-degenerate bilinear pairings uses 
supersingular elliptic curves over a finite field Fp

l  (where p is a sufficiently large prime number) and has the advantage 
of being able to avoid Weil-descent, Menezes-Okamoto-Vanstone (MOV) attacks, and attacks by the Number Field Sieve 
algorithm. Compared to Elliptic Curve Digital Signature Algorithm (ECDSA) digital signature schemes, generating 
a digital signature for a Boneh-Lynn-Shacham (BLS) scheme using Weil bilinear pairing on a supersingular elliptic 
curve is simple. In this study, the authors replace non-degenerate bilinear pairing calculations on a supersingular 
elliptic curve with a Weil pairing with PϵE(Fp ), QϵE(Fp1) and a higher security multiplier α=12 in the BLS short digital 
signature scheme. The execution time of the BLS short digital signature program showed improvement compared to 
the commercial ECDSA digital signature scheme.
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2. Related works on the BLS short digital signatures scheme 
2.1. Mathematical basis of Weil and Tate pairing based on 

Supersingular Elliptic curves

Torsion points play an important role in the calculations of Weil 
and Tate bilinear pairings on elliptic curves and usually torsion points 
are points of finite order [1, 7]. 

Definition 1: Given an elliptic curve E over a field K and a 
positive integer n. Then, the set of n-torsion points is defined as the 
set 

21]. Several publications have shown that elliptic curve cryptography (ECC) built on 

non-degenerate bilinear pairing could be a secure cryptosystem for today’s applications 

with one particular development being the supersingular isogeny Diffie-Hellman 

(SIDH) [7, 22, 23]. 

This solution aims towards short processing time, fast computation, and convenient 

deployment on applications, making it fit for devices with low memory and transmission 

over low bandwidth channels. The authors have used computational techniques of Weil 

non-degenerate bilinear pairing (with a higher security multiplier α=12) in building a 

BLS short digital signature scheme based on a supersingular elliptic curve with 

functions for key generation, digital signature, and signature verification. 

Related works on the BLS short digital signatures scheme  

Mathematical basis of Weil and Tate pairing based on Supersingular Elliptic 

curves 

Torsion points play an important role in the calculations of Weil and Tate bilinear 

pairings on elliptic curves and usually torsion points are points of finite order [1, 7].  

Definition 1: Given an elliptic curve E over a field K and a positive integer n. Then, 

the set of n-torsion points is defined as the set 𝐸𝐸[𝑛𝑛] = {𝑃𝑃 ∈ 𝐸𝐸(𝐾𝐾)|𝑛𝑛𝑛𝑛 = ∞} [1]. 

Since the characteristic of K is not divisible by n, the equation 𝑥𝑥𝑛𝑛 = 1 does not have 

multiple solutions, but has n solutions in 𝐾𝐾 and 𝜇𝜇𝑛𝑛 is a cyclic group of order n. An 

element 𝜁𝜁 ∈ 𝜇𝜇𝑛𝑛 satisfies 𝜁𝜁𝑘𝑘 = 1 if and only if n is divisible by K, then 𝜁𝜁 is called a 

primitive root of degree n [1]. 

Definition 2: Let there be an elliptic curve E over K and n be an integer not divisible 

by the characteristic of K such that 𝐸𝐸[𝑛𝑛] ⊆ 𝐸𝐸[𝐾𝐾]. Then, the Weil pairing is the mapping 

𝑒𝑒𝑛𝑛: 𝐸𝐸[𝑛𝑛] × 𝐸𝐸[𝑛𝑛] → 𝜇𝜇𝑛𝑛 [2].  

Given𝑇𝑇 ∈ 𝐸𝐸[𝑛𝑛], there exists a function f such that 𝑑𝑑𝑑𝑑𝑑𝑑(𝑓𝑓) = 𝑛𝑛[𝑇𝑇] − 𝑛𝑛[∞]. Then 

choose 𝑇𝑇′ ∈ 𝐸𝐸[𝑛𝑛2] with 𝑛𝑛𝑛𝑛′ = 𝑇𝑇, there exists g such that 𝑑𝑑𝑑𝑑𝑑𝑑(𝑔𝑔) = ∑ ([𝑇𝑇′ + 𝑅𝑅] −𝑅𝑅∈𝐸𝐸[𝑛𝑛]

[1].

Since the characteristic of K is not divisible by n, the equation  
xn=1 does not have multiple solutions, but has n solutions in 
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non-degenerate bilinear pairing could be a secure cryptosystem for today’s applications 
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by the characteristic of K such that 𝐸𝐸[𝑛𝑛] ⊆ 𝐸𝐸[𝐾𝐾]. Then, the Weil pairing is the mapping 

𝑒𝑒𝑛𝑛: 𝐸𝐸[𝑛𝑛] × 𝐸𝐸[𝑛𝑛] → 𝜇𝜇𝑛𝑛 [2].  

Given𝑇𝑇 ∈ 𝐸𝐸[𝑛𝑛], there exists a function f such that 𝑑𝑑𝑑𝑑𝑑𝑑(𝑓𝑓) = 𝑛𝑛[𝑇𝑇] − 𝑛𝑛[∞]. Then 

choose 𝑇𝑇′ ∈ 𝐸𝐸[𝑛𝑛2] with 𝑛𝑛𝑛𝑛′ = 𝑇𝑇, there exists g such that 𝑑𝑑𝑑𝑑𝑑𝑑(𝑔𝑔) = ∑ ([𝑇𝑇′ + 𝑅𝑅] −𝑅𝑅∈𝐸𝐸[𝑛𝑛]

 and  μn 
is a cyclic group of order n. An element ζ∈μn satisfies ζk=1 if and only 
if n is divisible by K, then ζ is called a primitive root of degree n [1].

Definition 2: Let there be an elliptic curve E over K and n be an 
integer not divisible by the characteristic of K such that E[n]⊆E[K]. 
Then, the Weil pairing is the mapping en:E[n]×E[n]→μn [2]. 

Given T∈E[n], there exists a function f such that div(f)=n[T]-n[∞]. 
Then choose T'∈E[n2] with nT'=T, there exists g such that div(g)=∑R∈E[n]
([T'+R]-[R]). For S∈E[n], P∈E[
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𝑒𝑒𝑛𝑛: 𝐸𝐸[𝑛𝑛] × 𝐸𝐸[𝑛𝑛] → 𝜇𝜇𝑛𝑛 [2].  

Given𝑇𝑇 ∈ 𝐸𝐸[𝑛𝑛], there exists a function f such that 𝑑𝑑𝑑𝑑𝑑𝑑(𝑓𝑓) = 𝑛𝑛[𝑇𝑇] − 𝑛𝑛[∞]. Then 

choose 𝑇𝑇′ ∈ 𝐸𝐸[𝑛𝑛2] with 𝑛𝑛𝑛𝑛′ = 𝑇𝑇, there exists g such that 𝑑𝑑𝑑𝑑𝑑𝑑(𝑔𝑔) = ∑ ([𝑇𝑇′ + 𝑅𝑅] −𝑅𝑅∈𝐸𝐸[𝑛𝑛]

], then g(P+S)n=f[n(P+S)]=f(nP)=g(P)n. 
Thus 

[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 

The security multiplier of 𝐸𝐸(𝐹𝐹𝑝𝑝) is the security multiplier of the largest prime order 

subgroup in 𝐸𝐸(𝐹𝐹𝑝𝑝). 

Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  

{
⟨. , . ⟩𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛
𝜏𝜏𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝜇𝜇𝑛𝑛

 

The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
has the form𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝), so it is usually written as ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) instead of 

⟨𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)⟩𝑛𝑛 
and𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)). Since 𝐹𝐹𝑝𝑝× is a cyclic group of order n, the 𝑝𝑝−1𝑛𝑛  

powers of ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) give an isomorphism𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛 → 𝜇𝜇𝑛𝑛. Hence  

𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
𝑝𝑝−1
𝑛𝑛

                                         (1) 

Compute the Tate pairing according to Miller's algorithm [3, 7, 17, 24]:  

Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 

∈μn and 

[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 

The security multiplier of 𝐸𝐸(𝐹𝐹𝑝𝑝) is the security multiplier of the largest prime order 

subgroup in 𝐸𝐸(𝐹𝐹𝑝𝑝). 

Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  

{
⟨. , . ⟩𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛
𝜏𝜏𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝜇𝜇𝑛𝑛

 

The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
has the form𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝), so it is usually written as ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) instead of 

⟨𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)⟩𝑛𝑛 
and𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)). Since 𝐹𝐹𝑝𝑝× is a cyclic group of order n, the 𝑝𝑝−1𝑛𝑛  

powers of ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) give an isomorphism𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛 → 𝜇𝜇𝑛𝑛. Hence  

𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
𝑝𝑝−1
𝑛𝑛
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𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 
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do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
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𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 
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Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  

{
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The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
has the form𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝), so it is usually written as ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) instead of 

⟨𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)⟩𝑛𝑛 
and𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)). Since 𝐹𝐹𝑝𝑝× is a cyclic group of order n, the 𝑝𝑝−1𝑛𝑛  

powers of ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) give an isomorphism𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛 → 𝜇𝜇𝑛𝑛. Hence  

𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
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                                         (1) 

Compute the Tate pairing according to Miller's algorithm [3, 7, 17, 24]:  

Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 

.

Definition 3 [2]: Let p be a prime power, and E/Fp an elliptic curve 
with m points in E(Fp). Let P in E/Fp be a point of primer order q 
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[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 

The security multiplier of 𝐸𝐸(𝐹𝐹𝑝𝑝) is the security multiplier of the largest prime order 

subgroup in 𝐸𝐸(𝐹𝐹𝑝𝑝). 

Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  
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The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
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Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
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in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 
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is α. In other words: 
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dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  

{
⟨. , . ⟩𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛
𝜏𝜏𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝜇𝜇𝑛𝑛

 

The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
has the form𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝), so it is usually written as ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) instead of 

⟨𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)⟩𝑛𝑛 
and𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)). Since 𝐹𝐹𝑝𝑝× is a cyclic group of order n, the 𝑝𝑝−1𝑛𝑛  

powers of ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) give an isomorphism𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛 → 𝜇𝜇𝑛𝑛. Hence  

𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
𝑝𝑝−1
𝑛𝑛

                                         (1) 

Compute the Tate pairing according to Miller's algorithm [3, 7, 17, 24]:  

Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 

The first pairing is called Tate-Lichtenbaum pairing. The second 
one, τn, is called the modified Tate-Lichtenbaum pairing [2, 7, 17, 
24]. Each element in E(Fp)/nE(Fp) has the form Q+nE(Fp), so it is 
usually written as 〈P,Q〉n and τn(P,Q) instead of 〈P,Q+nE(Fp)〉n 

and 
τn(P,Q+nE(Fp)). Since Fp

× is a cyclic group of order n, the 

[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 

The security multiplier of 𝐸𝐸(𝐹𝐹𝑝𝑝) is the security multiplier of the largest prime order 

subgroup in 𝐸𝐸(𝐹𝐹𝑝𝑝). 

Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  

{
⟨. , . ⟩𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛
𝜏𝜏𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝜇𝜇𝑛𝑛

 

The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
has the form𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝), so it is usually written as ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) instead of 

⟨𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)⟩𝑛𝑛 
and𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)). Since 𝐹𝐹𝑝𝑝× is a cyclic group of order n, the 𝑝𝑝−1𝑛𝑛  

powers of ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) give an isomorphism𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛 → 𝜇𝜇𝑛𝑛. Hence  

𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
𝑝𝑝−1
𝑛𝑛

                                         (1) 

Compute the Tate pairing according to Miller's algorithm [3, 7, 17, 24]:  

Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 

 powers 
of 〈P,Q〉n and τn(P,Q) give an isomorphism 

[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 

The security multiplier of 𝐸𝐸(𝐹𝐹𝑝𝑝) is the security multiplier of the largest prime order 

subgroup in 𝐸𝐸(𝐹𝐹𝑝𝑝). 

Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  

{
⟨. , . ⟩𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛
𝜏𝜏𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝜇𝜇𝑛𝑛

 

The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
has the form𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝), so it is usually written as ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) instead of 

⟨𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)⟩𝑛𝑛 
and𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)). Since 𝐹𝐹𝑝𝑝× is a cyclic group of order n, the 𝑝𝑝−1𝑛𝑛  

powers of ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) give an isomorphism𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛 → 𝜇𝜇𝑛𝑛. Hence  

𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
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Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 
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[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 

The security multiplier of 𝐸𝐸(𝐹𝐹𝑝𝑝) is the security multiplier of the largest prime order 

subgroup in 𝐸𝐸(𝐹𝐹𝑝𝑝). 

Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  
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the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
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𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
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                                         (1) 

Compute the Tate pairing according to Miller's algorithm [3, 7, 17, 24]:  

Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 

			    
(1)

2.2. Compute the Tate pairing according to Miller’s algorithm 
[3, 7, 17, 24]: 

Given an elliptic curve E over Fp; P, Q are points with prime order 
n and P,Q∈E(Fp). Draw the line n1 through P and Q, which intersects 
E at another point called R1. Draw the vertical line n2, which is the 

line connecting R1 and the point ∞. The line n2 intersects E at the third 
point, which is R2 (R2=P+Q). The lines n1 and n2 are functions on E 
and have a main divisor [2]: 

Draw the vertical line n2, which is the line connecting R1 and the point∞. The line n2 

intersects E at the third point, which is R2 (𝑅𝑅2 = 𝑃𝑃 + 𝑄𝑄). The lines n1 and n2 are functions 

on E and have a main divisor [2]:  

{𝑑𝑑𝑑𝑑𝑑𝑑(𝑛𝑛1) = [𝑃𝑃] + [𝑄𝑄] + [𝑅𝑅1] − 3[∞]
𝑑𝑑𝑑𝑑𝑑𝑑(𝑛𝑛2) = [𝑅𝑅1] + [𝑅𝑅2] − 2[∞]  

Divisor [𝑄𝑄′] − [𝑆𝑆] will be equivalent to 𝐷𝐷𝑄𝑄 = [𝑄𝑄] − [∞], so S is chosen at random. 

Calculate 𝑔𝑔𝐷𝐷𝑃𝑃 at DQ, where at each step in the algorithm T1 is the point obtained by 

computing mP where m is an integer represented in binary of the binary expansion of n. 

Calculate f1 to be the value at [𝑄𝑄′] − [𝑆𝑆] of the function f satisfying𝑚𝑚([𝑃𝑃] − [∞]) =
[𝑇𝑇1] − [∞] + 𝑑𝑑𝑑𝑑𝑑𝑑(𝑓𝑓). At the end of the algorithm the value reaches𝑇𝑇1 = ∞, 𝑓𝑓1 = 𝑔𝑔𝐷𝐷𝑃𝑃. 

It follows that f1 is the value at [𝑄𝑄′] − [𝑆𝑆] of the function 𝑔𝑔𝐷𝐷𝑃𝑃 satisfying 𝑚𝑚([𝑃𝑃] −
[∞]) = 𝑑𝑑𝑑𝑑𝑑𝑑(𝑔𝑔𝐷𝐷𝑃𝑃) as required by the definition of the Tate pairing. For 𝑃𝑃 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝), 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙), the Tate pairing is calculated according to the formula ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and the modified 

Tate-Lichtenbaum pairing is calculated by formula (1) with powers (𝑝𝑝𝑙𝑙 − 1)/𝑛𝑛 [1, 3, 

7].  

Algorithm 1: Miller's algorithm for computation with Tate bilinear pairings [2, 7] 

Input: Let the elliptic curve E over the field 𝐹𝐹𝑝𝑝. Two points P and Q on E are points 

of order n. 

Output: The value f1 satisfies the definition of a Tate pairing (Theorem 2). 

1. Randomly select 𝑆𝑆 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙) and calculate 𝑄𝑄′ = 𝑄𝑄 + 𝑆𝑆 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙). 

2. Let 𝑙𝑙 = [𝑙𝑙𝑙𝑙𝑙𝑙2( 𝑛𝑛)] − 1, 𝑇𝑇1 = 𝑃𝑃, 𝑓𝑓1 = 1  

3. While 𝑙𝑙 ≥ 1 do 

-   Write equations for the lines n1 and n2 with the multiplication of T1.  

Calculate 𝑇𝑇1 = 2𝑇𝑇1, 𝑓𝑓1 = 𝑓𝑓12((𝑛𝑛1(𝑄𝑄′)𝑛𝑛2(𝑆𝑆))/(𝑛𝑛2(𝑄𝑄′)𝑛𝑛1(𝑆𝑆)) 
-   If the lth bit of n is 1, then  

write equations for the lines n1 and n2 with the addition of points of T1 and P. 

Calculate 𝑇𝑇1 = 𝑇𝑇1 + 𝑃𝑃, 𝑓𝑓1 = 𝑓𝑓12((𝑛𝑛1(𝑄𝑄′)𝑛𝑛2(𝑆𝑆))/(𝑛𝑛2(𝑄𝑄′)𝑛𝑛1(𝑆𝑆)) 

Divisor [Q']-[S] will be equivalent to DQ=[Q]-[∞], so S is chosen 
at random. Calculate gDP at DQ, where at each step in the algorithm 
T1 is the point obtained by computing mP where m is an integer 
represented in binary of the binary expansion of n. Calculate f1 to 
be the value at [Q']-[S] of the function f satisfying m([P]-[∞])=[T1]-
[∞]+div(f). At the end of the algorithm the value reaches T1=∞,f1=gDP. 
It follows that f1 is the value at [Q']-[S] of the function gDP satisfying 
m([P]-[∞])=div(gDP) as required by the definition of the Tate pairing. 
For P∈E(Fp),Q∈E(Fp

l) the Tate pairing is calculated according to 
the formula 〈P,Q〉n 

and the modified Tate-Lichtenbaum pairing is 
calculated by formula (1) with powers (pl-1)/n [1, 3, 7]. 

Algorithm 1: Miller’s algorithm for computation with Tate 
bilinear pairings [2, 7]
Input: Let the elliptic curve E over the field Fp. Two points P and 
Q on E are points of order n.
Output: The value f1 satisfies the definition of a Tate pairing 
(Theorem 2).

1. Randomly select S∈E(Fp
l) and calculate Q'=Q+S∈E(Fp

l).
2. Let l=[log2(n)]-1,T1=P,f1=1 
3. While l≥1 do
- Write equations for the lines n1 and n2 with the multiplication 
of T1. 
Calculate T1=2T1,f1=f1

2((n1(Q')n2(S))/(n2(Q')n1(S))
- If the lth bit of n is 1, then 
write equations for the lines n1 and n2 with the addition of 
points of T1 and P.
Calculate T1=T1+P,f1=f1

2((n1(Q')n2(S))/(n2(Q')n1(S))
-   Decrease l.
4. Return f1

The input is an elliptic curve E chosen as a supersingular curve 
E over the field Fp, p>3 (the curve E over the field Fp is said to be 
supersingular if the curve E satisfies E[P]=[∞]); The subgroup E(Fp)[n] 
has an influence on the computation in Miller’s algorithm, so the 
number of iterations is [log2(n)] [2, 7]. For Tate pairing, it is necessary 
to pay attention to the field characteristic of 2,3 and make sure the 
order of the group E(Fp) is appropriate, so choose the prime number n 
as the largest prime divisor of the group order E(Fp). In Miller’s 
algorithm, integer n is calculated by Schoof’s algorithm and using the 
point multiplication algorithm kP [1, 4, 16, 25-27].

According to Algorithm 1, calculating the Tate pairing 〈P,Q〉n, (with 
P∈E(Fp), Q∈E(Fpl)) on security applications, the line coefficients ni 
belongs to the subfield of Fp, the finite field is used to calculate the 
value of f1 with a large length field. At that time, the attacker who 
wants to attack the Miller algorithm must solve the problem “The 
point P to be found belongs to E(Fp) when knowing the public point 
Q belongs to E(Fpl), then finding the point P is more complicated” 
[2, 23]. Formula 

-   Decrease l. 

4. Return f1 

The input is an elliptic curve E chosen as a supersingular curve E over the field 

𝐹𝐹𝑝𝑝, 𝑝𝑝 > 3 (the curve E over the field 𝐹𝐹𝑝𝑝 is said to be supersingular if the curve E 

satisfies𝐸𝐸[𝑃𝑃] = [∞]). The subgroup 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] has an influence on the computation in 

Miller's algorithm, so the number of iterations is [𝑙𝑙𝑙𝑙𝑙𝑙2( 𝑛𝑛)] [2, 7]. For Tate pairing, it is 

necessary to pay attention to the field characteristic of 2,3 and make sure the order of 

the group 𝐸𝐸(𝐹𝐹𝑝𝑝) is appropriate, so choose the prime number n as the largest prime divisor 

of the group order 𝐸𝐸(𝐹𝐹𝑝𝑝). In Miller’s algorithm, integer n is calculated by Schoof’s 

algorithm and using the point multiplication algorithm kP [1, 4, 16, 25-27]. 

According to Algorithm 1, calculating the Tate pairing⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛, (with 𝑃𝑃 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝), 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙)) on security applications, the line coefficients ni belongs to the subfield of 𝐹𝐹𝑝𝑝, 

the finite field is used to calculate the value of f1 with a large length field. At that time, 

the attacker who wants to attack the Miller algorithm must solve the problem "The point 

P to be found belongs to 𝐸𝐸(𝐹𝐹𝑝𝑝) when knowing the public point Q belongs to 𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙), 

then finding the point P is more complicated" [2, 23]. Formula 𝑒𝑒𝑛𝑛(𝑃𝑃, 𝑄𝑄) =
⟨𝑃𝑃,𝑄𝑄⟩𝑛𝑛
⟨𝑄𝑄,𝑃𝑃⟩𝑛𝑛

 is often 

used to calculate Weil pairing [3, 7]. In addition, the Weil pairing is also calculated 

according to the formula 𝑒𝑒𝑛𝑛(𝑃𝑃, 𝑄𝑄) =
𝑓𝑓𝑃𝑃(𝑅𝑅)𝑓𝑓𝑄𝑄(𝑃𝑃)

𝑓𝑓𝑃𝑃(𝑄𝑄+𝑅𝑅)𝑓𝑓𝑄𝑄(∞) 
but it is not favourable [1, 3, 7]. So, 

the Weil pairing is considered as another way of calculating the Tate pairing when the 

conditions for the Weil pairing occur.  

When 𝑃𝑃 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝), 𝑄𝑄 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙), both Tate and Weil pairing calculations are time 

consuming. Therefore, the calculation time for the required Weil pairing takes twice as 

much as the calculation of the Tate pairing. In this study, the authors have replaced the 

non-degenerate bilinear pairing calculations on the supersingular elliptic curve with the 

Weil pairing in the BLS short digital signature scheme. Then, the performance of the 

 is often used to calculate Weil 

[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 

The security multiplier of 𝐸𝐸(𝐹𝐹𝑝𝑝) is the security multiplier of the largest prime order 

subgroup in 𝐸𝐸(𝐹𝐹𝑝𝑝). 

Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  

{
⟨. , . ⟩𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛
𝜏𝜏𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝜇𝜇𝑛𝑛

 

The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
has the form𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝), so it is usually written as ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) instead of 

⟨𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)⟩𝑛𝑛 
and𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝)). Since 𝐹𝐹𝑝𝑝× is a cyclic group of order n, the 𝑝𝑝−1𝑛𝑛  

powers of ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) give an isomorphism𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛 → 𝜇𝜇𝑛𝑛. Hence  

𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
𝑝𝑝−1
𝑛𝑛

                                         (1) 

Compute the Tate pairing according to Miller's algorithm [3, 7, 17, 24]:  

Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 

[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 

Definition 3 [2]: Let p be a prime power, and 𝐸𝐸/𝐹𝐹𝑝𝑝 an elliptic curve with m points 

in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 

𝑞𝑞|𝑝𝑝𝛼𝛼 − 1 and 𝑞𝑞|̸𝑝𝑝𝑘𝑘 − 1 for all 𝑘𝑘 = 1,2, . . . , 𝛼𝛼 − 1. 

The security multiplier of 𝐸𝐸(𝐹𝐹𝑝𝑝) is the security multiplier of the largest prime order 

subgroup in 𝐸𝐸(𝐹𝐹𝑝𝑝). 

Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 

an integer so that 𝑛𝑛|(𝑞𝑞 − 1). The elements of 𝐸𝐸(𝐹𝐹𝑝𝑝) of n are denoted by 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] in 

dividing order, and let 𝜇𝜇𝑛𝑛 = {𝑥𝑥 ∈ 𝐹𝐹𝑝𝑝|𝑥𝑥𝑛𝑛 = 1}. Assume 𝐸𝐸(𝐹𝐹𝑝𝑝) contains an element of 

order n. Then, there exists a non-degenerate bilinear mapping:  

{
⟨. , . ⟩𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛
𝜏𝜏𝑛𝑛: 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] × 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) → 𝜇𝜇𝑛𝑛

 

The first pairing is called Tate-Lichtenbaum pairing. The second one, 𝜏𝜏𝑛𝑛, is called 

the modified Tate-Lichtenbaum pairing [2, 7, 17, 24]. Each element in 𝐸𝐸(𝐹𝐹𝑝𝑝)/𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝) 
has the form𝑄𝑄 + 𝑛𝑛𝑛𝑛(𝐹𝐹𝑝𝑝), so it is usually written as ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) instead of 
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powers of ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛 and 𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) give an isomorphism𝐹𝐹𝑝𝑝×/(𝐹𝐹𝑝𝑝×)𝑛𝑛 → 𝜇𝜇𝑛𝑛. Hence  

𝜏𝜏𝑛𝑛(𝑃𝑃, 𝑄𝑄) = ⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛
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Compute the Tate pairing according to Miller's algorithm [3, 7, 17, 24]:  

Given an elliptic curve E over 𝐹𝐹𝑝𝑝; P, Q are points with prime order n and 𝑃𝑃, 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝). Draw the line n1 through P and Q, which intersects E at another point called R1. 

[𝑅𝑅]). For 𝑆𝑆 ∈ 𝐸𝐸[𝑛𝑛], 𝑃𝑃 ∈ 𝐸𝐸[𝐾𝐾], then g(P+S)n = f(n(P+S)) = f(nP) = g(P)n. Thus 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃) ∈

𝜇𝜇𝑛𝑛
 
and 𝑔𝑔(𝑃𝑃+𝑆𝑆)𝑔𝑔(𝑃𝑃)  

do not depend on P. Hence, the Weil pairing is 𝑒𝑒𝑛𝑛(𝑆𝑆, 𝑇𝑇) =
𝑔𝑔(𝑃𝑃+𝑆𝑆)
𝑔𝑔(𝑃𝑃) . 
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in 𝐸𝐸(𝐹𝐹𝑝𝑝). Let P in 𝐸𝐸/𝐹𝐹𝑝𝑝 be a point of primer order q where 𝑞𝑞2|̸𝑚𝑚. We say that the 

subgroup ⟨𝑃𝑃⟩ has a security multiplier α, for some integer 𝛼𝛼 > 0, if the order of p in 𝐹𝐹𝑞𝑞∗ 
is α. In other words: 
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Theorem 1 [2, 7, 17, 24]: Let E be an elliptic curve defined over a field 𝐹𝐹𝑝𝑝. Let n be 
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pairing [3, 7]. In addition, the Weil pairing is also calculated according 
to the formula 

-   Decrease l. 

4. Return f1 

The input is an elliptic curve E chosen as a supersingular curve E over the field 

𝐹𝐹𝑝𝑝, 𝑝𝑝 > 3 (the curve E over the field 𝐹𝐹𝑝𝑝 is said to be supersingular if the curve E 

satisfies𝐸𝐸[𝑃𝑃] = [∞]). The subgroup 𝐸𝐸(𝐹𝐹𝑝𝑝)[𝑛𝑛] has an influence on the computation in 

Miller's algorithm, so the number of iterations is [𝑙𝑙𝑙𝑙𝑙𝑙2( 𝑛𝑛)] [2, 7]. For Tate pairing, it is 

necessary to pay attention to the field characteristic of 2,3 and make sure the order of 

the group 𝐸𝐸(𝐹𝐹𝑝𝑝) is appropriate, so choose the prime number n as the largest prime divisor 

of the group order 𝐸𝐸(𝐹𝐹𝑝𝑝). In Miller’s algorithm, integer n is calculated by Schoof’s 

algorithm and using the point multiplication algorithm kP [1, 4, 16, 25-27]. 

According to Algorithm 1, calculating the Tate pairing⟨𝑃𝑃, 𝑄𝑄⟩𝑛𝑛, (with 𝑃𝑃 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝), 𝑄𝑄 ∈
𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙)) on security applications, the line coefficients ni belongs to the subfield of 𝐹𝐹𝑝𝑝, 

the finite field is used to calculate the value of f1 with a large length field. At that time, 

the attacker who wants to attack the Miller algorithm must solve the problem "The point 

P to be found belongs to 𝐸𝐸(𝐹𝐹𝑝𝑝) when knowing the public point Q belongs to 𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙), 

then finding the point P is more complicated" [2, 23]. Formula 𝑒𝑒𝑛𝑛(𝑃𝑃, 𝑄𝑄) =
⟨𝑃𝑃,𝑄𝑄⟩𝑛𝑛
⟨𝑄𝑄,𝑃𝑃⟩𝑛𝑛

 is often 

used to calculate Weil pairing [3, 7]. In addition, the Weil pairing is also calculated 

according to the formula 𝑒𝑒𝑛𝑛(𝑃𝑃, 𝑄𝑄) =
𝑓𝑓𝑃𝑃(𝑅𝑅)𝑓𝑓𝑄𝑄(𝑃𝑃)

𝑓𝑓𝑃𝑃(𝑄𝑄+𝑅𝑅)𝑓𝑓𝑄𝑄(∞) 
but it is not favourable [1, 3, 7]. So, 

the Weil pairing is considered as another way of calculating the Tate pairing when the 

conditions for the Weil pairing occur.  

When 𝑃𝑃 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝), 𝑄𝑄 ∈ 𝐸𝐸(𝐹𝐹𝑝𝑝𝑙𝑙), both Tate and Weil pairing calculations are time 

consuming. Therefore, the calculation time for the required Weil pairing takes twice as 

much as the calculation of the Tate pairing. In this study, the authors have replaced the 

non-degenerate bilinear pairing calculations on the supersingular elliptic curve with the 

Weil pairing in the BLS short digital signature scheme. Then, the performance of the 

 
but it is not favourable [1, 3, 7]. 

So, the Weil pairing is considered as another way of calculating the 
Tate pairing when the conditions for the Weil pairing occur. 

When P∈E(Fp), Q∈E(Fp
l), both Tate and Weil pairing calculations 

are time consuming. Therefore, the calculation time for the required 
Weil pairing takes twice as much as the calculation of the Tate 
pairing. In this study, the authors have replaced the non-degenerate 
bilinear pairing calculations on the supersingular elliptic curve with 
the Weil pairing in the BLS short digital signature scheme. Then, the 
performance of the BLS short digital signature scheme is evaluated by 
comparison with the classic ECDSA scheme commonly used today. 

3. Building a BLS short digital signature scheme based on the 
non-degenerate bilinear pairing of supersingular elliptic curves

3.1. The BLS key generation scheme

With the BLS short digital signature scheme, the curve E used 
is y2=x3+Ax+B mod p. The input for key generation consists of a set 
of parameters (A, B, p, q, l, P) denoted BTS-BLS (Table 1) [2]. This 
parameter set is used by the author for all key generation, digital 
signatures, and signature verification processes of the BLS short 
digital signing scheme.

Table 1. Parameter sets used in the BLS short digital signature scheme.

Parameters Functions

A, B The coefficients of the supersingular elliptic curve equation

p Modulo

q Greatest prime divisor of #(E/Fp
l)

l Key length belongs to Fp
l

Point P∈E/F3
l Base point with order q

In Algorithm 2, the generated key pair consists of the public key 
PK and the private key SK in which the public key is the parameter set 
PK=(l, q, P, R) and the private key SK=x, with x is a random number 
belonging to Zp

* (with a large enough prime p). When generating the 
key for the BLS short digital signatures scheme, the BLS scheme 
only uses the kP point multiplication algorithm and choses a random 
number belonging to Zp

*. This shows that the key generation process 
for the BLS short digital signatures scheme is efficient and simple.

Algorithm 2: Generate keys for the short digital signature 
scheme BLS [2, 6]
- Input: Let l, the curve (E/Fp

l) and q is the greatest prime 
divisor of #(E/Fp

l), the point P has order q
- Processing steps: Chosen random number x∈Ζp

* and 
alculate R←xP
- Output: The public key PK=(l, q, P, R) and the private key 
SK=x

3.2. The BLS short digital signature scheme

According to Algorithm 3, the signing process of the BLS short 
digital signatures scheme also uses the input parameters of the 
supersingular elliptic curve E on the field Fp

l; the parameters of the 
curve used for digital signature are the number of the corresponding 

BTS-BLS tuple in the key generation scheme for the BLS scheme.

Algorithm 3: The BLS short digital signature [2, 6, 7]
- Input: message M∈{0,1}*, private key SK=x
- Parameter set: BTS-BLS
- Processing steps:  
+ Using MaptoGrouph' algorithm [2], map message M to 
point PM=(xM,yM)∈〈P〉  belonging to E/Fp

l

+ Calculate SM=xPM
- Output: signature σ=xS

M
∈Fpl of the point SM=(xS

M
,yS

M
)

In this algorithm, embedding the message M to be signed into 
a point PM=(xM,yM)∈E/Fp

l and using the kP multiplier algorithm 
to create a signature for the message M is necessary. The message 
M, before embedding into a point PM∈E/Fp

l
 
will be hashed using a 

hash function [5]. The mapping of this hash value to a component  
xM coordinate of point PM is accomplished using the MapToGrouph’ 
algorithm [2, 6, 7]. Thus, the process of creating a digital signature of 
the BLS short digital signature scheme is more complicated than that 
of the key generation algorithm of the ECDSA scheme [16, 28, 29]. 
In the BLS short digital signature scheme, the signature generation 
process requires the use of a cryptographic hash function and the 
technique of embedding the message into a point of the curve. This 
keeps the value of the digital signature generated by the BLS short 
digital signature scheme small.

3.3. The BLS signature verification scheme
In Algorithm 4, signature verification of the BLS scheme is done 

using the same set of input parameters of the curve as above Table 1. 
To verify the digital signature, first one must check whether the 
obtained signature belongs to the curve. Secondly, two values ​​of 
Weil pairings will be computed, as the first one is being calculated 
from the base point and the digital signature, and the second one from 
the public key and the message M. If these two values ​​are equal or 
the inverse of the first value is equal to the second value, then the 
signature is valid.

Algorithm 4: The BLS signature verification [2, 6, 7]
- Parameter set: BTS-BLS
- Input: The public key PK=(l, q, P, R), the message M∈{0,1}*, and 
the signature σ 
- Output: The signature σ is valid or invalid
- Processing steps:

Step 1: Check the condition that the signature σ is the 
coordinates xSM 

of the point SM=(xSM
,ySM

)∈E/Fp
l. If such a point 

does not exist, the signature is invalid.
Step 2: Calculate u←e[P,φ(S)];v←e[R,φ(h(M))], where e is a 
non-degenerate bilinear mapping (Weil pairing) on the curve 
E/Fp

6l  and φ:E→E is a Frobenius endomorphism.
Step 3 (check condition u, v): If u=v or u-1=v, then the signature 
is valid, otherwise the signature is invalid.

The correctness of the BLS short digital signature verification 
algorithm (algorithm 4) is confirmed in step 3 of the algorithm, 
whether the signature is valid or not. Specifically, with (σ, y) and  (σ, -y) 
being two points on E/Fp

l, where σ is the x coordinate, one of the two 
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points can be point SM or can be used to generate digital signatures 
in the BLS short digital signatures scheme. From (σ,y)=-(σ,-y) on the 
curve, then e(P,φ(-S))=e(P,φ(-S))-1. Therefore, the u=v condition is to 
check that (P, R, h(M), S) is a Diffie-Hellman tuple, while the u-1=v 
condition is to check that (P, R, h(M), -S) is a Diffie-Hellman set [6, 7].

3.4. Theoretical model to prove the security of the BLS short 
digital signature scheme 

In Ref. [2], a secure proof theory for the BLS short digital 
signatures scheme was propose. The theoretical model that proves the 
security of BLS is based on the difficulty level of the Hidden Field 
Equation (HFE), co-CDH (Computational co-Diffie-Hellman), co-
DDH (Decision co-Diffie-Hellman), and GDH (Gap Diffie-Hellman 
groups) problems. It is shown that when an isomorphism ψ:G2→G1 
exists, the short digital signatures scheme BLS is vulnerable to the 
discrete log problem by MOV attacks [11, 12], and attacks by the 
Number Field Sieve algorithm [19-21] on the extended field Fp

l.

For Co-GDH signatures from elliptic curves [2], the security 
level of the BLS short digital signatures scheme is equivalent to the 
difficulty of the co-CDH (Computational co-Diffie-Hellman) problem 
on (G1,G2). In other words, it is the computational requirements of a 
discrete log in G1 or the computation of a discrete log in . According 
to [2], when the BLS scheme uses a special supersingular curve with 
p=3, the security level of the BLS scheme is equivalent to DSA using 
a 1024-bit prime (MOV attack [11-13]. This is a weakness of the BLS 
short digital signatures scheme when the number p is small. To use the 
BLS schema in this case, we would have to use a curve E(F3

l) where 
36l is much larger than 1024 bits.

In the case of a BLS schema using a non-supersingular curves 
over fields of high characteristic with the security multiplier α=6, 
[2] shows that with l=159-bit (Signature size [log2q] of the BLS 
scheme) is equivalent to “DLog Security [log2 p] of 158 bits” and 
“MOV Security [6log2q] of 954 bits”. Signatures using this curve 
are 168 bits while the best algorithm for co-CDH on E(Fp) requires 
either (Formula (1) in [2]) a generic discrete log algorithm taking time 
approximately 283, or (Formula (2) in [2]) a discrete log in a 1008-bit 
finite field of large characteristic. 

Finally, consider the BLS schema in the case of higher security 
multipliers (Definition 3). D. Pointcheval, J. Stern (2000) [30] proposed 
certain Abelian varieties. However, to obtain security comparable to 
DSA using a 2048-bit prime with α=6, we get signatures size l=342 
bits. Then, with α=12, the signature is shorter but the security level 
is guaranteed (equivalent to 2048-bit discrete-log security) [31]. The 
result is an n-bit signature where the pairing reduces the discrete log 
problem to a finite field of size approximately 27.5n.

4. Results and discussion
4.1. Architectural design of BLS short digital signature scheme

Figure 1 details the implementation steps of the key generation 
algorithm of the BLS schema, the diagram shows that the key 
generation modulo is simply designed using only a random function 
and multiplication points (kP) on the elliptic curve. The key generation 
modulo then will generate the private key and the public key, which 

are saved as “bls_private.key” and “bls_public.key,” respectively. 
After executing the key pair generation, the program modulo will 
issue a notice about the key pair generation time.

Figure 2 shows details the steps of implementing the DSA of 
BLS schema with a digital signature called “bls_signature.sig”. First, 
when performing a digital signature according to the BLS scheme, 
the message to be signed, M, will be passed through a secure hashing 
algorithm that outputs a summary (hash value) [5]. This summary is 
combined with the private key (the key generated by the BLS key 
generator modulo), which is then fed into the digital signature program 
modulo, which results in the digital signature bls_signature. The 
digital signature program can sign data files of any content with text 

Fig. 2. BLS digital signature scheme.

Input: Parameters Initial 
Elliptic Curve: A, B, p, l, q, P

Begin

x = random() intend for 

R = x.P

Output Public Key PK: 
(l,q,P,R);

Private Key SK: x

End

*
qx∈Z

Fig. 1. Scheme of the BLS key generation.
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file formats, image files, audio files, video files, etc. When performing 
digital signature, the program will create a digital signature file (bsl_
signature.sig) and output the execution time of the digital signature 
process.

Figure 3 details the implementation of the signature verification 
algorithm steps of the BLS short digital signature scheme. The 
program verifies the content of the signed data file and calculates the 
signature verification time of the BLS short digital signature scheme. 
The received message is passed through the hashing algorithm that 
obtains the hash value. The process of checking the digital signature 
of the BLS scheme is done by calculating and checking the input 
parameters of the hash digest, digital signature, and public key. If the 
conditions are satisfied, then the signature is valid.

4.2. Results of the short digital signature program BLS
In this study, the authors have built a program with 3 main 

modules: key generation, digital signature and signature verification 
according to BLS scheme. First, the key generation modulo generates 
a public key and a private key, then the digital signature modulo 
performs digital signature with the newly generated private key 
in the key generation modulo. Finally, the signature verification 
modulo will perform the signature verification with the public 
key. In addition, in order to facilitate the performance evaluation 
of the BLS short digital signature scheme, the authors also built a 
program following the ECDSA digital signature scheme including 
the key generation module, digital signature module, and signature 
verification module [16, 28, 29]. Comparisons of key generation, 
digital signature, and signature verification program against the BLS 
and ECDSA scheme were executed on the computer using Intel(R) 
Core i5-4200U, CPU @ 1.60GHz, up to 2.30 GHz; RAM: 4.00 GB.

Based on the security analysis and evaluation for such a BLS 
scheme, in this study the authors have selected the parameters for 
the supersingular elliptic curve over finite field Fp such that both 
a generic discrete log algorithm in E(Fp) and the Number Field 
Sieve in 

against the BLS and ECDSA scheme were executed on the computer using Intel(R) Core 

i5-4200U, CPU @ 1.60GHz, up to 2.30 GHz; RAM: 4.00 GB. 

Based on the security analysis and evaluation for such a BLS scheme, in this study 

the authors have selected the parameters for the supersingular elliptic curve over finite 

field Fp such that both a generic discrete log algorithm in E(Fp) and the Number Field 

Sieve in 𝐹𝐹𝑝𝑝𝑙𝑙
∗  are intractable, with 

p=7DDCA613A2E3DDB1749D0195BB9F14CF44626303, the security multiplier α=12, 

and signature size 𝑙𝑙 = 159. The coefficients of the supersingular elliptic curve are A=-

3, B=21C3F3AC7864D1F99273D0F828D3657D8CFD4E (y2=x3+Ax+B). This 

parameter set was evaluated by the National Institute of Standards and Technology 

(NIST, US Department of Commerce), which minimised the risk of being attacked [2, 

6, 7, 28]. 

  

Fig. 4. Modification of the contents of 

the signed data file. 

Fig. 5. Signature verification after the 

message was modified. 

Table 2 details the execution time of the BLS key generation, digital signature, and 

signature verification computations. To check the correctness of the program, the 

authors tested the program with 2 scenarios, specifically: 

Table 2. Results of digital signature and signature verification according to the 

BLS scheme. 

Input data Digital signature time (ms) Signature verification time (ms) 

 are intractable, with p=7DDCA613A2E3DDB17
49D0195BB9F14CF44626303, the security multiplier α=12, and 
signature size l=159. The coefficients of the supersingular elliptic curve 
are A=-3, B=21C3F3AC7864D1F99273D0F828D3657D8CFD4E 
(y2=x3+Ax+B). This parameter set was evaluated by the National 
Institute of Standards and Technology (NIST, US Department of 
Commerce), which minimised the risk of being attacked [2, 6, 7, 28].

Table 2 details the execution time of the BLS key generation, 
digital signature, and signature verification computations. To check 
the correctness of the program, the authors tested the program with 
2 scenarios, specifically:
Table 2. Results of digital signature and signature verification according 
to the BLS scheme.

Input data Digital signature time (ms) Signature verification time (ms)

535 KB 31 98

1.56 MB 119 161

9.47 MB 577 646

9.79 MB 618 671

25.5 MB 1643 1638

Scenario 1: The authors modified the contents of the input data 
files of the BLS short digital signature program, kept the key and 
signature, then checked the authenticity of the data. Fig 4 details the 
process of modifying the input data, where the results showed that the 
digital signature is invalid and the processing time was given (Fig. 5).

Fig. 4. Modification of the contents of the signed data file.

Fig. 5. Signature verification after the message was modified.

Scenario 2: The program generated an original signature (Fig. 6). 
Then, the author modified the signature (Fig. 7) but did not change 
the message and the public key. The data verification process for the 
modified signature resulted in an invalid signature (Fig. 8). Moreover, 
to evaluate the BLS short digital signature program performance, the 

Fig. 3. The BLS signature verification.
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authors tested the digital signature and signature verification program 
according to the BLS short digital signature scheme with several data 
files of different lengths (Tables 2, 3).

Fig. 6. Original unmodified signature.

Fig. 7. Signature after modification.

Fig. 8. Signature verification after the signature was modified. 

Table 3. Runtime comparison of BLS scheme and ECDSA scheme.
Input 
data 
(mb)

Digital signature time (ms) Signature verification time (ms)

BLS ECDSA Diff. in % BLS ECDSA Diff. in % 

1.02 108 350 69.14% 166 347 52.16%

1.56 131 523 74.95% 201 523 61.57%

2.00 186 720 74.17% 241 713 66.20%

3.68 298 1227 75.71% 335 1230 72.76%

4.07 313 1353 76.87% 350 1337 73.82%

5.03 376 1637 77.03% 418 1664 74.88%

6.01 450 1928 76.66% 473 1955 75.81%

4.3. Analysis and evaluation of the results achieved by the short 
digital signature program BLS

In previous publications, the authors evaluated the execution 
speed and occupied resources of the Tate pairing computation and kP 
point multiplication algorithm on a Spartan6 XC6SLX150T FPGA 
hardware platform [25, 32]. 

In this study, the authors tested the execution time of the 
program under two scenarios. The first was to evaluate the execution 
speed between the two program functions, i.e., digital signature 
and signature verification. Second, the authors evaluated the 
execution speed between the BLS short digital signature program 
and the ECDSA digital signature program. For each function of the 
program, the authors ran the test three times and took the average 
execution time. 

Execution speed of digital signature and signature verification 
BLS: Table 2 details the execution time results of the digital signature 
modulo and BLS signature validation. Fig. 9 shows the corresponding 
graph comparing the running time between digital signature and 
signature verification. Experimental results of the BLS scheme show 
that the signing time is faster than the validation time. Theoretically, 
the digital signature of the BLS scheme uses one-point multiplication, 
while the validation uses two values ​​of the Weil pairing for calculation. 
In the Weil non-degenerate bilinear pairing values calculation, a point 
multiplication is used for each value of u and v. Therefore, calculating 
u, v requires two-point multiplications, which makes the signature 
verification time longer than the digital signature time.

functions, i.e., digital signature and signature verification. Second, the authors evaluated 

the execution speed between the BLS short digital signature program and the ECDSA 

digital signature program. For each function of the program, the authors ran the test three 

times and took the average execution time.  

Execution speed of digital signature and signature verification BLS: Table 2 details 
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Figure 9 shows the corresponding graph comparing the running time between digital 

signature and signature verification. Experimental results of the BLS scheme show that 

the signing time is faster than the validation time. Theoretically, the digital signature of 

the BLS scheme uses one-point multiplication, while the validation uses two values of 

the Weil pairing for calculation. In the Weil non-degenerate bilinear pairing values 

calculation, a point multiplication is used for each value of u and v. Therefore, 

calculating u, v requires two-point multiplications, which makes the signature 

verification time longer than the digital signature time. 

 

Fig. 9. Digital signature time and signature verification time of the BLS scheme. 
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Fig. 9. Digital signature time and signature verification time of the BLS 
scheme.
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size as shown in Fig. 10. This can be explained by two main reasons: 

For digital signature function: The number of operations used for the digital 
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Execution speed of BLS short digital signature program and ECDSA 
digital signature program: Both the BLS and ECDSA digital signature 
schemes are designed with a 160-bit key-length key for the same data 
input. Table 3 and the diagram in Fig. 10 present the run-time details of 
the digital signature function for both the BLS and ECDSA short digital 
signature scheme. 

Table 3 shows that the running speed of the BLS scheme’s digital 
signature/signature verification algorithm (with a key length of 160 bits) 
is better than that of the ECDSA scheme. Specifically, BLS’s digital 
signature generation performs at least 69% faster than that of ECDSA, 
while the signature verification process of BLS is at least 52% faster than 
ECDSA. 

With the same key length (160 bits), the same digital signature, and 
signature verification data, the BLS short digital signature scheme had a 
faster execution time than the ECDSA scheme. Moreover, with the larger 
size of the input data file, the execution time of the BLS short digital 
signature scheme linearly increased with the input data file size as shown 
in Fig. 10. This can be explained by two main reasons:

For digital signature function: The number of operations used for the 
digital signature function of the BLS schema includes a mapping of a 
point on the curve and a point multiplication kP. Meanwhile, the number 
of operations used for the digital signature function of the ECDSA scheme 
includes one kP point multiplication, one inverse operator modulo, and 
two scalar point multiplications. The DSA of the BLS scheme obviously 
requires less operations than ECDSA digital signature.
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For the signature verification function: The number of operations using 
signature verification for the BLS scheme includes the Weil non-degenerate 
bilinear pairing value calculation that uses two points multiplications to 
calculate the two values ​​u and v. Meanwhile, the number of operations used 
in the signature verification function of the ECDSA digital signing scheme 
includes one modulo inverse operator, two points multiplications, and two 
scalar multiplications. The larger number of operations makes the ECDSA 
scheme operate slower than the BLS scheme.   

5. Conclusions
In this paper, the authors used the calculation technique of Weil 

non-degenerate bilinear pairing (with P∈E(Fp), Q∈E(Fpl) and a 
higher security multiplier α=12) in building a BLS short digital 
signature scheme based on supersingular elliptic curves with key 
generation, digital signature, and digital verification functions. The 
set of supersingular elliptic curve parameters (with a sufficiently 
large prime p and a higher security multiplier α=12) initialised for 
the selected BLS scheme ensures that the signature size is short 
and the security of the BLS scheme remains theoretically safe. 
The execution time of the BLS short digital signature program was 
much improved compared to the ECDSA digital signature scheme, 
which makes BLS short digital signature scheme a candidate for 
applications that require short processing time, fast computation, 
and for devices with low memory and low bandwidth transmission. 

CRediT author statement
Nhu-Quynh Luc, Quang-Trung Do, Manh-Hung Le:  Data  

curation, Software, Visualisation, Investigation, Writing original  
draft  preparation, Conceptualisation,  Methodology, Supervision.  

ACKNOWLEDGEMENTS
The authors are grateful to the Academy of Cryptography 

Techniques for supporting this work.

COMPETING INTERESTS
The authors declare that there is no conflict of interest regarding 

the publication of this article.

REFERENCES
[1] H. Cohen, G. Frey, R. Avanzi, et al. (2005), Handbook of Elliptic and Hyperelliptic Curve 

Cryptography, Chapman and Hall/CRC, DOI: 10.1201/9781420034981.
[2] D. Boneh, B. Lynn, H. Shacham (2001), “Short signatures from the weil pairing”, 

Advances in Cryptology - CRYPTO 2002, 2248, pp.514-532.
[3] S. Wang (2017), Efficient Computation of Miller’s Algorithm in Pairing-Based 

Cryptography, Electronic Theses and Dissertations, University of Windsor, 86pp.
[4] M. Masoumi, H. Mahdizadeh (2012), “Efficient hardware implementation of an elliptic 

curve cryptographic processor over GF(2163)”, Int. J. Comput. Electr. Autom. Control Inf. Eng. 
2012 Int., 6(5), pp.725-732, DOI: 10.5281/zenodo.1329671.

[5] D. Moody, R. Peralta, R. Perlner, et al. (2015), “Report on pairing-based cryptography”, 
J. Res. Natl. Inst. Stand. Technol., 120, DOI: 10.6028/jres.120.002.

[6] A. Markel, L. Nemirovskiy (2014), “Pairing-based short signatures”, https:// markel.co/
projects/ecc/2/article.pdf, accessed 14 January 2022.

[7] V.S. Miller (2004), “The Weil pairing, and its efficient calculation”, J. Cryptol., 17, 
pp.235-261, DOI: 10.1007/s00145-004-0315-8.

[8] J. Shallit, P.C.V. Oorschot, S.A. Vanstone (1999), “Handbook of applied crytography”, 
Am. Math. Mon., 106(1), DOI: 10.2307/2589608.

[9] S.S. Dhanda, B. Singh, P. Jindal (2020), “Lightweight cryptography: A solution to secure 
IoT”, Wirel. Pers. Commun., 112(3), pp.1947-1980.

[10] P.S.L.M. Barreto, H.Y. Kim, B. Lynn, et al. (2002), “Efficient algorithms for pairing-
based cryptosystems”, Advances in Cryptology - CRYPTO 2002, 2442, pp.354-369, DOI: 
10.1007/3-540-45708-9_23.

[11] A.J. Menezes, T. Okamoto, S.A. Vanstone (1993), “Reducing elliptic curve 
logarithms to logarithms in a finite field”, IEEE Trans. Inf. Theory, 39(5), pp.1639-1646, DOI: 
10.1109/18.259647.

[12] J. Shikata, Y. Zheng, J. Suzuki (2000), “Realizing the Menezes-Okamoto-Vanstone 
(MOV)”, IECE Trans. Fundam., E83-A(4), pp.756-763.

[13] R. Barbulescu, P. Gaudry, A. Joux, et al. (2013), “A quasi-polynomial algorithm for 
discrete logarithm in finite fields of small characteristic”, https://arxiv.org/abs/1306.4244.

[14] O. Abid (2012), “New digital signature protocol based on elliptic curves”, Int. J. 
Cryptogr. Inf. Secur., 2(4), pp.13-19.

[15] S. Koppula, J. Muthukuru (2016), “Secure digital signature scheme based on elliptic 
curves for internet of things”, Int. J. Electr. Comput. Eng., 6(3), DOI: 10.11591/ijece.v6i3.9420.

[16] M.A. Mehrabi, C. Doche, A. Jolfaei (2020), “Elliptic curve cryptography point 
multiplication core for hardware security module”, IEEE Trans. Comput., 69(11), pp.1707-1718, 
DOI: 10.1109/TC.2020.3013266.

[17] M.H.T. Tran, T.T. Ton, T.D. Nguyen, et al. (2017), “Multilinear mappings based on 
weil pairing over elliptic curves”, 2017 4th NAFOSTED Conference on Information and Computer 
Science, DOI: 10.1109/NAFOSTED.2017.8108053.

[18] D.P. Le, C.H. Tan (2013), “Improved Miller’s algorithm for computing pairings on 
edwards curves”, IEEE Trans. Comput., 63(10), pp.2626-2632, DOI: 10.1109/TC.2013.125.

[19] O. Schirokauer, D. Weber, T. Denny (1996), “Discrete logarithms: The effectiveness of 
the index calculus method”, International Algorithmic Number Theory Symposium, 1122, DOI: 
10.1007/3-540-61581-4_66.

[20] R. Padmavathy, C. Bhagvati (2010), “Solving the discrete logarithm problem for 
ephemeral keys in chang and chang password key exchange protocol”, J. Inf. Process. Syst., 6(3), 
pp.335-346, DOI: 10.3745/JIPS.2010.6.3.335.

[21] D. Hankerson, A.J. Menezes, S. Vanstone (2004), Guide to Elliptic Curve Cryptography, 
Springer, 312pp.

[22] D.B. Roy, D. Mukhopadhyay (2019), “High-speed implementation of ECC scalar 
multiplication in GF(p) for generic montgomery curves”, IEEE Trans. Very Large Scale Integr. 
Syst., 27(7), pp.1587-1600, DOI: 10.1109/TVLSI.2019.2905899.

[23]	 C. Costello, P. Longa, M. Naehrig (2016), “Efficient algorithms for supersingular 
isogeny Diffie-Hellman”, Annual International Cryptology Conference, 9814, DOI: 10.1007/978-
3-662-53018-4_21.

[24] M. Scott (2005), “Computing the tate pairing”, Cryptographers’ Track at The RSA 
Conference, 3376, DOI: 10.1007/978-3-540-30574-3_20.

[25] L.N. Quynh, D.V. Son, M.A. Tuan (2017), “Enhancement of implementing cryptographic 
algorithm in FPGA built-in RFID tag using 128 bit AES and 233 bit kP multitive algorithm”, VNU 
J. Sci. Math. - Phys., 33(2), pp.82-87, DOI: 10.25073/2588-1124/vnumap.4206.

[26] I. Yavuz, S.B.Ö. Yalçin, Ç.K. Koç (2008), “FPGA implementation of an elliptic curve 
cryptosystem over GF(3m)”, 2008 International Conference on Reconfigurable Computing and 
FPGAs, DOI: 10.1109/ReConFig.2008.66.

[27] J. López, R. Dahab (1999), “Fast multiplication on elliptic curves over GF(2m) without 
precomputation”, International Workshop on Cryptographic Hardware and Embedded Systems, 
DOI: 10.1007/3-540-48059-5_27.

[28] National Institute of Standards and Technology (2013), Digital Signature Standard 
(DSS), DOI: 10.6028/NIST.FIPS.186-4.

[29] D. Johnson, A. Menezes, S. Vanstone (2001), “The elliptic curve digital signature 
algorithm (ECDSA)”, Int. J. Inf. Secur., 1(1), pp.36-63, DOI: 10.1007/s102070100002.

[30] D. Pointcheval, J. Stern (2000), “Security arguments for digital signatures and blind 
signatures”, J. Cryptol., 13(3), pp.361-396, DOI: 10.1007/s001450010003.

[31] P.S.L.M. Barreto, B. Lynn, M. Scott (2003), “Constructing elliptic curves with prescribed 
embedding degrees”, International Conference on Security in Communication Networks, 2576, 
DOI: 10.1007/3-540-36413-7_19.

[32] L.N. Quynh, D.V. Son, M.A. Tuan (2019), “Performance of 697-bit Tate pairing based 
on Elliptic curve implementation for Spartan6 XC6vlx760-2ff1760 FPGA”, 4th International 
Conference on Advanced Materials and Nanotechnology, pp.166-169.



MATHEMATICS AND COMPUTER SCIENCE | COMPUTATIONAL SCIENCE, PHYSICAL SCIENCES | ENGINEERING 

10 DECEMBER 2022 • VOLUME 64 NUMBER 4

1. Introduction
Nowadays, universities are capable of collecting data with 

reference to their students in electronic format. As a result, 
there is an urgent need to effectively transform large volumes 
of data into knowledge to improve the quality of managerial 
decisions and to predict academic performance of students 
at an early stage. As a part of artificial intelligence (AI) 
techniques recently adopted in a wide variety of human life 
applications [1, 2], various machine learning (ML) approaches 
have been increasingly applied to analyse educational data, 
such as student scores, to concentrate academic assistance 
on students as well as to improve the university training 
programs. ML is an especially appealing alternative in the 
field of engineer training and education as it is difficult or 
unfeasible to develop conventional algorithms to perform 
required tasks [3, 4]. 

S.S.A. Naser, et al. (2015) [4] developed an artifical neural 
network (ANN) model for predicting student performance at 
the Faculty of Engineering and Information Technology, Al-

Azhar University, based on the registration records of 1407 
students using a feed forward back propagation algorithm for 
training. The model was tested with an overall result of 84.6%. 
E.Y. Obsie, et al. (2018) [5] developed a neural network 
model for predicting student cumulative grade point averages 
for the 8th semester (CGPA8) and designed an application 
based on the predictive models. The real dataset employed 
in the study was gathered from 134 students at the Hawassa 
University School of Computer Science that graduated in 
2015, 2016, and 2017. It is shown that the student progress 
performance, which is measured by CGPA8, can be predicted 
using scores from their first-, second-, and third-year courses. 
Z. Iqbal, et al. (2017) [6] utilized collaborative filtering (CF), 
matrix factorization (MF), and restricted Boltzmann machine 
(RBM) techniques to systematically analyse real-world data 
collected from 225 undergraduate students enrolled in the 
Electrical Engineering program at the Information Technology 
University (ITU) from which the academic performance of 
the ITU students was evaluated. It was shown that the RBM 
technique was better than the other techniques in predicting 
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student performance in the particular course. S.D.A. Bujang, 
et al. (2021) [7] introduced a comprehensive analysis of 
machine learning techniques to predict final student grades 
in first semester courses by improving the performance of 
predictive accuracy. The performance accuracy of six well-
known machine learning techniques, namely, decision tree 
(J48), support vector machine (SVM), naïve bayes (NB), 
K-nearest neighbour (K-NN), logistic regression (LR), and 
random forest (RF) using 1282 student course grades were 
presented and followed by a multiclass prediction model to 
reduce the over-fitting and misclassification results caused by 
imbalanced multi-classification using the Synthetic Minority 
Oversampling Technique (SMOTE) with a two feature 
selection method. It was shown that the proposed model 
integrated with RF had significant improvement with the 
highest f-measure of 99.5% [7]. 

It is worth mentioning that most of the aforementioned 
ML approaches were conducted in a deterministic manner. 
Hence, there is a need to develop a probabilistic model that 
is capable of providing well-predicted results as well as 
estimating the confidence of the results through associated 
intervals. Such a result is more relevant for experimental data 
on student exam scores rather than a single point estimation 
because, even with the same student, scattered results can be 
obtained from different series of experiments.

In training programs at engineering universities, 
specialized mini projects (SMPs) play an important role as 
they progressively provide knowledge as well as accumulate 
conceiving, designing, implementing, and operating skills 
necessary for their FYP, which is an integrated topic to solve 
a practical problem of the particular field of engineer training. 
This article applies a machine learning approach to predict FYP 
and final CGPA results from those SMPs based on which the 
influence of SMPs on the FYP and CGPA can be evaluated in 
a data-driven manner. A case study is conducted by collecting 
2890 datapoints in the form of score results from eight SMPs, 
one FYP, and the CGPA of a group of 289 engineering students 
that graduated in 2022 in Hanoi. Then, two deep learning 
probabilistic models based on BNNs are established for FYP 
and CGPA predictions. It is shown from the obtained results 
that the proposed approach is a practical tool providing quick 
and reasonable analysis results such as the feature importance 
score of an individual SMP and the estimated FYP and CGPA 
results. Furthermore, a relatively close estimation can be 
captured from the BNN model for CGPA, providing useful 
information for academic management.

2. Stochastic model using BNNs
As pointed out by various authors, a major obstacle to the 

data-driven method is the scarcity of relevant data, and this 
problem becomes accentuated when studying the obtained 
scores of various individual students [8-12]. Even with data 
in hand, there exist unavoidable deviations between them 

[13-14]. Thus, this study proposes to engineer a probabilistic 
machine learning model on the basis of BNNs rather than 
deterministic ones as done in the reviewed works. The 
advantage of such a probabilistic model is that it is capable 
of predicting quantities of interest such as the FYP score or 
CGPA, as well as estimating the amount of uncertainty that 
is associated with the prediction values. It is evident that the 
more data available, the more accurate the model, and vice 
versa. In summary, the key contribution of this article is to 
propose a probabilistic ML model to predict the FYP score 
and CGPA results from the given scores of SMPs so that 
the effect of an individual SMP as well as FYP on the final 
performance of students can be evaluated. 

We begin by briefly reviewing the ANN to set up 
mathematical symbols and terminology. Given a dataset 
D=[X,Y], the ith data sample is denoted by Xi=[xi,1,…,xi,n] 
with n being the number of features. Herein, each feature is 
an input related to SMP and FYP results. It is desirable to 
develop a non-linear mapping from X to Y, i.e., Yi=f(Xi). A 
standard architecture of ANN consists of an input layer, an 
output layer, and one or many hidden layers with the total 
number of layers of the ANN being L. Each layer consists 
of various neurons that are fully connected with all neurons 
in neighboring layers. Mathematically, a neuron j at layer 
l could be described by a linear transformation plus a non-
linear activation function, as follows:
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𝑙𝑙  is a weight assigned to the connection between the former and the latter; 𝑁𝑁𝑙𝑙−1 

is the total number of neurons of layer 𝑙𝑙 − 1; 𝑏𝑏𝑗𝑗
𝑙𝑙−1 is a real value to be determined, also 

known as bias; and ℎ is an activation function. Here, the sigmoid activation function is 

used to squeeze values into the range (0,1). Moreover, the function is continuous and 

differentiable everywhere, thus rendering the training process of the neural network via 

a gradient descent-based algorithm faster and more effective.   
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 is a real value 
to be determined, also known as bias; and h is an activation 
function. Here, the sigmoid activation function is used to 
squeeze values into the range (0,1). Moreover, the function is 
continuous and differentiable everywhere, thus rendering the 
training process of the neural network via a gradient descent-
based algorithm faster and more effective.  

By setting Wl as the matrix of weights corresponding to 
layer l, with l=1,…,L, the ANN could be described by the 
following equation derived from the description of neural 
networks in [15]:
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By setting 𝑊𝑊𝑙𝑙 as the matrix of weights corresponding to layer 𝑙𝑙, with 𝑙𝑙 = 1, … , 𝐿𝐿, 

the ANN could be described by the following equation derived from the description of 

neural networks in [15]: 

𝑌̂𝑌𝑖𝑖 = 𝐹𝐹(𝑋𝑋𝑖𝑖|𝑊𝑊) = 𝑓𝑓𝐿𝐿(… (𝑓𝑓2(𝑓𝑓1(𝑋𝑋𝑖𝑖|W1)|W2) … |WL),  (2) 

where 𝑌̂𝑌𝑖𝑖 is a prediction of 𝑌𝑌𝑖𝑖, and 𝑓𝑓𝑙𝑙 with 𝑙𝑙 = 1, … , 𝐿𝐿 denotes transformation operations 

at layer 𝑙𝑙 in the ANN. The network will be iteratively trained to determine the optimal 

values of 𝑊𝑊𝑙𝑙 that minimize the discrepancy between 𝑌̂𝑌𝑖𝑖 and 𝑌𝑌𝑖𝑖. 

BNN is a probabilistic deep learning model that combines the high prediction 

performance of ANN with the ability to estimate uncertainty of the Bayes theory [16]. 

In the authors’ opinion, the model is especially suitable for working with not-so-

abundant collected data owing to two reasons: (i) in practice, similar series of 

experiments with identical input parameters still provide different results due to 

unavoidable uncertainty; and (ii) fitting an ANN with many parameters to a limited 

database may cause the over-fitting problem, i.e., ANN is likely to yield low-accuracy 

results on new data despite being well trained. In other words, it is necessary to not only 

perform prediction of FYP and CGPA results but also to estimate how much confidence 

we have about the prediction results. 

 For this purpose, rather than assigning the deterministic values for weight 𝑊𝑊 of 

the neural network, BNN uses a Gaussian probability distribution for 𝑊𝑊 as below: 

𝑊𝑊 = 𝜇𝜇 + 𝜎𝜎 × 𝜖𝜖  with 𝜖𝜖 ~𝒩𝒩(0, 𝐼𝐼), (3) 

where 𝜇𝜇 and 𝜎𝜎 denote the mean and standard deviation matrices of 𝑊𝑊 and 𝜖𝜖 is the noise 

drawn from a zero-mean unity-variance normal distribution. Then, 𝜇𝜇, 𝜎𝜎 are parameters 

to determine through the learning process.  

Note that the output of BNN is a probability distribution, thus a specialized loss 

function 𝐿𝐿 is required to measure the model’s performance. The adopted metric is the 

Kullback-Leibler divergence (KL) whose formula is: 

𝐿𝐿 = 𝐾𝐾𝐾𝐾(𝑞𝑞(𝑊𝑊|𝜇𝜇, 𝜎𝜎)||𝑝𝑝(𝑊𝑊|𝐷𝐷)) = 𝐸𝐸𝑞𝑞(𝑊𝑊|𝜇𝜇, 𝜎𝜎) 𝑙𝑙𝑙𝑙𝑙𝑙 𝑞𝑞(𝑊𝑊|𝜇𝜇, 𝜎𝜎)
𝑝𝑝(𝑊𝑊|𝐷𝐷) . (4) 

Next, the optimal values of 𝜇𝜇∗ and 𝜎𝜎∗ are the solutions of the following 

minimization problem: 

 (2)
where 
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Note that the output of BNN is a probability distribution, thus a specialized loss 

function 𝐿𝐿 is required to measure the model’s performance. The adopted metric is the 
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opinion, the model is especially suitable for working with 
not-so-abundant collected data owing to two reasons: (i) in 
practice, similar series of experiments with identical input 
parameters still provide different results due to unavoidable 
uncertainty; and (ii) fitting an ANN with many parameters to a 
limited database may cause the over-fitting problem, i.e., ANN 
is likely to yield low-accuracy results on new data despite being 
well trained. In other words, it is necessary to not only perform 
prediction of FYP and CGPA results but also to estimate how 
much confidence we have about the prediction results.

For this purpose, rather than assigning the deterministic 
values for weight W of the neural network, BNN uses a 
Gaussian probability distribution for W as below:
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where μ and σ denote the mean and standard deviation 
matrices of W and ϵ is the noise drawn from a zero-mean 
unity-variance normal distribution. Then, μ, σ are parameters 
to determine through the learning process. 

Note that the output of BNN is a probability distribution, 
thus a specialized loss function L is required to measure the 
model’s performance. The adopted metric is the Kullback-
Leibler divergence (KL) whose formula is:
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𝜇𝜇∗, 𝜎𝜎∗ = argmin
𝜇𝜇,𝜎𝜎

𝐾𝐾𝐾𝐾(𝑞𝑞(𝑊𝑊|𝜇𝜇, 𝜎𝜎)||𝑝𝑝(𝑊𝑊|𝐷𝐷)). (5) 

Via the Bayes’ rule, 𝑝𝑝(𝑊𝑊|𝐷𝐷) can be calculated as below: 

𝑝𝑝(𝑊𝑊|𝐷𝐷) = 𝑝𝑝(𝐷𝐷|𝑊𝑊)𝑝𝑝(𝑊𝑊)
𝑝𝑝(𝐷𝐷) . (6) 

Substituting Eq. (6) into Eq. (4), the loss function 𝐿𝐿 is rewritten as follows:  

𝐿𝐿 = 𝐸𝐸𝑞𝑞(𝑊𝑊|𝜇𝜇, 𝜎𝜎) log 𝑝𝑝(𝐷𝐷) − 𝐸𝐸𝑞𝑞(𝑊𝑊|𝜇𝜇, 𝜎𝜎) log 𝑝𝑝(𝑊𝑊) − 𝐸𝐸𝑞𝑞(𝑊𝑊|𝜇𝜇, 𝜎𝜎) log 𝑝𝑝(𝐷𝐷|𝑊𝑊). (7) 

This loss function can be approximated from observed discrete data as follows: 

𝐿𝐿 = 1
𝑁𝑁𝑠𝑠

∑[log 𝑞𝑞(𝑊𝑊𝑖𝑖|𝜇𝜇, 𝜎𝜎) − log 𝑝𝑝(𝑊𝑊𝑖𝑖) − log 𝑝𝑝(𝐷𝐷|𝑊𝑊𝑖𝑖)],
𝑁𝑁𝑠𝑠

𝑖𝑖=1
 (8) 

where 𝑁𝑁𝑠𝑠 is the total number of samples. 

Next, the gradients of the loss function with respect to 𝜇𝜇 and 𝜎𝜎 are derived by: 

Δ𝜇𝜇 = 𝜕𝜕𝜕𝜕(𝑊𝑊|𝜇𝜇, 𝜎𝜎)
𝜕𝜕𝜕𝜕 + 𝜕𝜕𝜕𝜕(𝑊𝑊|𝜇𝜇, 𝜎𝜎)

𝜕𝜕𝜕𝜕  

Δσ = 𝜕𝜕𝜕𝜕(𝑊𝑊|𝜇𝜇, 𝜎𝜎)
𝜕𝜕𝜕𝜕 × 𝜖𝜖 + 𝜕𝜕𝜕𝜕(𝑊𝑊|𝜇𝜇, 𝜎𝜎)

𝜕𝜕𝜕𝜕 . 
(9) 

Finally, 𝜇𝜇 and 𝜎𝜎 are updated using a small learning rate 𝛼𝛼 as follows:  

𝜎𝜎 ← 𝜎𝜎 − 𝛼𝛼 × Δ𝜎𝜎;  𝜇𝜇 ← 𝜇𝜇 − 𝛼𝛼 × Δμ. (10) 

Case study - Database on score results of SMPs, FYP and CGPA 

In the postgraduate training program of civil engineers, a student is required to 

pass all the subjects including eight specialized mini projects before being qualified to 

conduct his/her final year project. The SMPs consist of: Design of Architecture (DoA), 

Design of Foundation (DoF), Mechanism of  Reinforced Concrete Structures (MoRCS); 

Design of Reinforced Concrete Buildings (DoRCB); Design of Structural Steel 

Buildings (DoSSB); Construction Technology 1 (CT1); Construction Technology 2 

(CT2); and Construction Management (CM) that will be numbered from SMP.1 to 

SMP.8, respectively. Each individual SMP provides students with the corresponding 

knowledge and professional skill that will be integrated in his/her FYP to design and 

build a civil/industrial building in real situation. It is noteworthy that the SMPs’ and 

 (5)

Via the Bayes’ rule, p(W|D) can be calculated as below:
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3. Case study - Database on score results of SMPs, FYP 
and CGPA

In the postgraduate training program of civil engineers, 
a student is required to pass all the subjects including eight 
specialized mini projects before being qualified to conduct 
his/her final year project. The SMPs consist of: Design 
of Architecture (DoA), Design of Foundation (DoF), 
Mechanism of  Reinforced Concrete Structures (MoRCS); 
Design of Reinforced Concrete Buildings (DoRCB); 
Design of Structural Steel Buildings (DoSSB); Construction 
Technology 1 (CT1); Construction Technology 2 (CT2); and 
Construction Management (CM) that will be numbered from 
SMP.1 to SMP.8, respectively. Each individual SMP provides 
students with the corresponding knowledge and professional 
skill that will be integrated in his/her FYP to design and build 
a civil/industrial building in real situation. It is noteworthy 
that the SMPs’ and FYP’s exams are all conducted in the 
form of oral defence. As a result, all the aforementioned 
SMPs significantly influence the FYP, which together with 
all theoretical subjects and SMPs contributes to the CGPA 
(Fig. 1).

 

7 
 

FYP’s exams are all conducted in the form of oral defence. As a result, all the 

aforementioned SMPs significantly influence the FYP, which together with all 

theoretical subjects and SMPs contributes to the CGPA (Fig. 1). 
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In this research, a dataset of 2890 scores of eight SMPs, one FYP, and the CGPA 

is collected from 289 civil engineers who graduated from Hanoi University of Civil 

Engineering (HUCE) in 2022. Figures 2, 3, 4, and 5 display the histograms of all the 

score results of their SMPs, FYP, and CGPA on the 4-point scale, showing clear 

visualization of the range of values as well as their distributions.  

 

Fig. 2. Score histograms of SMP.1-DoA and SMP.2-DoF. 

Fig. 1. Projects in training program of civil engineers in HUCE.

In this research, a dataset of 2890 scores of eight SMPs, 
one FYP, and the CGPA is collected from 289 civil engineers 
who graduated from Hanoi University of Civil Engineering 
(HUCE) in 2022. Figs. 2-5 display the histograms of all the 
score results of their SMPs, FYP, and CGPA on the 4-point 
scale, showing clear visualization of the range of values as 
well as their distributions. 
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Fig. 3. Score histograms of SMP.3-MoRCS, SMP.4-DoRCB and SMP.5-DoSSB. 

 

Fig. 4. Score histograms of SMP.6-CT1, SMP.7-CT2 and SMP.8-CM. 

 

Fig. 5. Histograms of FYP and CGPA results. 

It can be seen in Fig. 2 that the score results of SMP.1-DoA of the investigated 

289 students were quite high, among which 74 students obtained 4.0, whereas the 

biggest group was 3.0 with 111 students. There were 67 students that earned a 3.5 and 

the number of students receiving scores of 2.5, 2.0, and 1.5 were 11, 21, and 5, 

respectively. It is noted that although this is the first SMP of engineering students in the 

university program, there is not much calculation in this task of architectural design. The 

Fig. 3. Score histograms of SMP.3-MoRCS, SMP.4-DoRCB and 
SMP.5-DoSSB.
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It can be seen in Fig. 2 that the score results of SMP.1-DoA 
of the investigated 289 students were quite high, among which 
74 students obtained 4.0, whereas the biggest group was 3.0 
with 111 students. There were 67 students that earned a 3.5 and 
the number of students receiving scores of 2.5, 2.0, and 1.5 
were 11, 21, and 5, respectively. It is noted that although this is 
the first SMP of engineering students in the university program, 
there is not much calculation in this task of architectural design. 
The remaining seven SMPs are all critical to students as they 
are curtailed to train them on the design as well as construction 
of buildings. It can be observed in the distributions of  these 
SMP scores that the group of 3.0 is almost dominant, except the 
cases of SMP.2-DoF and SMP.5-DoSSB, of which the dominant 
group was 2.0 (Figs. 2 and 3). It is shown in Figs. 3 and 4 that 
the distribution of the main SMPs in the program were similar 
to each other. Meanwhile, it can be observed in Fig. 5 that the 
distribution of FYP results was quite standard, whereas there 
is a regression trend of the number of students with the higher 
scores in the CGPA results.

4. Analysis results on FYP and CGPA using BNN model 
In this study, the adopted architecture of the BNN for FYP 

scores is 8/16/16/1. The model consists of an input layer with 8 
neurons, 2 hidden layers with 16 neurons, and an output layer 

with one neuron corresponding to the FYP result, as graphically 
illustrated in Fig. 6A. The neurons in the input layer correspond 
to the score results of SMP.1 to SMP.8. Since the data size is 
moderate, it is reasonable to avoid using too deep architectures 
of many hidden layers as well as wide layers with a significant 
number of neurons, which may lead to a pronounced increment 
of parameters to determine. Besides, the number of neurons for 
the hidden layer is set to 16 since it should be a power of 2 to be 
convenient for the memory of the computer. For the proposed 
BNN model, each neuron has two parameters to be determined, 
characterizing the probability distribution of its weight. At 
the beginning of learning, they are initialized as a normal 
distribution with zero mean and unity standard deviation. For 
prediction of CGPA, the corresponding BNN architecture is 
9/16/16/1 in which the FYP score in the dataset is combined 
with the SMPs as the 9th element of the input layer (Fig. 6B).
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Fig. 6. Graphical representation of BNN whose weights are 
characterized by probability distributions.

Updating the model’s weights as described in Eq.(10) is 
based on the Adam Optimization Algorithm belonging to 
the first-order gradient descent optimization family, which 
gradually adapts the model’s weights by a small amount 
after each iteration to reduce the loss function. The number 
of updates is controlled through a hyper-parameter of 0.001. 
This value can also be referred to as the learning rate that 
was determined via a preliminary test to ensure the learning 
process is convergent within a reasonable learning time. It is 
noted that a small learning rate will unnecessarily increase 
learning time, whereas a large value could lead to premature 
results. On the other hand, pre-processing standardization 
is adopted to obviate the scale difference issue between 
different features with different physical meanings. By 
utilizing the aid of the deep learning library Pytorch for 
building the overall framework, the deep probabilistic 
library Pyro [17] for establishing the BNN-based data-
driven model, Pandas for data management, scikit-learn 
library [18] for data standardization, and Matplotlib for 
data visualization, the implementation of the proposed data-
driven framework can be realized in this study. 

In this study, the investigated database is split into three 
non-overlapping datasets, namely, the training, validation, 
and testing sub-sets with a ratio of 60:20:20, corresponding 
to data from 173, 58, and 58 students.
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After being built, the probabilistic models were trained 
with the training database mentioned in the previous section. 
Figs. 7A and 7B depict the learning curves of the BNN 
models of FYP and CGPA results, respectively, showing 
how loss functions evolve versus the number of training 
iterations (epochs) on both training and validation datasets. 
In the following paragraphs, the corresponding results of 
the BNN model for CGPA will be given in parentheses. 
The KL loss function of FYP (CGPA) quickly dropped for 
epochs from 0 to 500, before gradually decreasing to values 
around 0.035 and 0.02 (0.03 and 0.025) on the training and 
validation datasets, respectively. After that, a steady trend 
is observed, i.e., no clear improvement is obtained, until 
the number of epochs reached 2000. For epochs 1300 to 
1400, there is less fluctuation in loss function than the other 
intervals. Hence, an iteration value of 1300 is selected as the 
final configuration of the BNN model. 
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Fig. 7. Evolution of the KL loss function against number of 
iterations on training and validation datasets for (A) FYP and (B) 
CGPA.

The effect of each SMP on FYP and CGPA results can 
be investigated via a feature importance study. Importance 
scores will be assigned for all SMPs, a high score means that 
the corresponding SMP has a significant impact on the FYP/
CGPA and a low score means there is less impact. The SMPs 
are ranked based on their importance score. Such results 
provide understanding about the correlation between the 
projects and helps students optimize their learning strategy 
to achieve desired final scores. The permutation feature 
importance method is used along with the proposed data-
driven model. Herein, a feature refers to an SMP score. The 
simple, yet effective, core idea of this method is to permute 
the values of features and evaluate the change in prediction 
errors. A permuted feature means that original values of this 
feature are shuffled among data samples while other features 
remain unchanged. If a permuted feature incurs large errors, 
this feature is important and contributes significantly to 
the prediction results. Hence, all features will be permuted 
one by one, and the respective error will be calculated 
for each case. Next, these errors are sorted in descending 
order, and importance scores are derived. Since the BNN 
is a probabilistic model, the feature importance results 
obtained with BNN are random variables. Thus, one repeats 
the feature importance calculations 100 times and then 

derives their statistical characteristics such as mean, min, 
and max values. The influence of SMPs on a student’s final 
performance on their FYP and CGPA in terms of importance 
score are shown in Fig. 8A and Fig. 8B, respectively.
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Fig. 8. Feature importance graph of SMPs’ influence on (A) FYP 
and (B) CGPA.

It can be observed from Fig. 8A that, compared to the 
remaining SMPs, the mini projects of DoSSB and MoRCS 
have more pronounced influence on FYP results. It is noted 
that in the training program the SMP and FYP have 1 and 
10 credits, respectively (each credit equals to 15 hours of 
lecturing). It can be seen in Fig. 8B that the influence of the 
FYP on CGPA, which is counted from a total of 168 credits, 
is most significant while MoRCS holds the second position. 
The large gap between the feature importance scores of 
FYP and MoRCS is reasonable due to their credit relative 
ratio of 10:1. Fig. 8 also proves that reinforced concrete and 
steel structures are the leading applications with significant 
distributions currently in the field of construction.

Next, the final performance of the trained model is 
evaluated on the test dataset and the prediction results of 
FYP and CGPA are demonstrated in Fig. 9. 
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Fig. 9. Prediction results of (A) FYP scores and (B) CGPA.

It is shown in Fig. 9 that for each data point (shown 
in the dot symbol), its X-coordinate denotes true FYP 
scores from the database while the Y-coordinate is a 
value predicted by the model. Ideally, a perfect model 
will provide the same results as those from the database, 
as highlighted by the red 45-degree line. While the BNN 
model for FYP is not as close as expected in Fig. 9A, the 
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predicted points of CGPA lie relatively close to the ideal 
line in Fig. 9B. Specifically, the mean relative errors of 
predicted FYP and CGPA results are 12.1%  and 6.8%, 
respectively. These results qualitatively confirm the 
viability of the proposed BNN model for CGPA.

5. Conclusions

This study applied a data-driven method for assessing 
the FYP score and CGPA based on the results of eight 
SMPs, which are considered as a characteristic of the 
training program for engineering students. Probabilistic 
machine learning models based on the BNN were 
introduced and the theoretical foundation of the model 
and key parameters of the proposed approach were 
described, followed by a case study using a database 
of 2890 score results of SMPs, FYP, and CGPA from a 
group of civil engineers that graduated in 2022 in Hanoi. 
One of the main results of the proposed model is that it 
can be utilized to evaluate the influence of an individual 
SMP on a student’s final performance in terms of FYP 
and CGPA. It was shown from the results of the case 
study that the subjects commonly applied in practice also 
contribute a more significant influence. In addition, the 
BNN model for CGPA is capable of providing relatively 
close predictions with a mean relative error of 6.8%. 
Furthermore, the application of the data-driven model 
is straightforward as it is built based on open source 
libraries and the user-friendly programming language, 
Python, without requiring any specialized software.

For the next step of the study, other models such as 
straight artificial neural network and drop-out neural 
network can also be incorporated for comparison purposes. 
Furthermore, one can complement the database with the 
score results of all students that graduated before, during, 
or after the COVID-19 pandemic to gain an overall 
picture to propose appropriate solutions to improve 
academic activities of engineering universities, where 
the projects play very important role for undergraduate 
students.
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1. Introduction
W Hya is an oxygen-rich AGB star at a distance of only 

104+14−11 pc from the Sun [1]; a shorter distance of 78±6 pc [2] 
is often used in the published literature. It is a semi-regular 
variable with a period of ~361 days [3], often quoted as a Mira [4] 
belonging to spectral class M7.5e-M9ep. Single dish observations 
suggest a mass-loss rate at the level of ~10−7 M⊙yr−1 [5, 6] and a 
main sequence mass between 1 and 1.5 solar masses [7, 8].

The close neighbourhood of the star has been recently observed 
with the Very Large Telescope (VLT) at wavelengths covering 
from visible to near-infrared, using NACO [9], SPHERE/ZIMPOL 
[10-12], AMBER/VLTI [10, 11, 13] and MIDI/VLTI [14]. These 
observations have given evidence for a clumpy and dusty layer, 
displaying important variability at short time scale. Dust grains, 
mostly aluminium composites, are found to have sizes ranging 
between 0.1 and 0.5 μm. W.H.T. Vlemmings, et al. (2017) [15], 
W.H.T. Vlemmings, et al. (2019) [16] using the Atacama Large 
Millimeter-submillimeter Array (ALMA) to observe continuum 
and CO(ν=1, J=3-2) emissions close to the star have given evidence 
for shocks induced by pulsations and convective cell ejections, 
producing an effective line broadening of the molecular emission 
observed on lines of sight close to the centre of the star [17].

Some of the most relevant observations are displayed 
in the Appendix (Table A1). These observations have made 
it possible to refine and improve our earlier understanding 
of the morpho-kinematics of the CSE of W Hya, which 
T. Khouri, et al. (2015) [18] had summarized in a model based 

on a large number of earlier observations over a broad range of 
wavelengths, including from Herschel and other single-dish 
telescopes [6, 7]. In particular, the analysis of K. Ohnaka, et al. 
(2016) [10], K. Ohnaka, et al. (2017) [11] suggests the presence of 
a shell of large transparent grains, such as of Al2O3, with a 550 nm 
optical depth of 0.6±0.2 and inner and outer radii of 1.3 R* (R*=25 
mas) and 10±2 R*, respectively; it gives evidence for time variability, 
with predominance of small (0.1 μm) grains at minimum light and 
larger (0.5 μm) grains at pre-maximum light; it gives also evidence 
for anisotropy with a dust density enhancement of a factor ~4 in 
the north, over a cone of ~45o half-opening angle. These results 
have been confirmed by ALMA millimetre observations of the 
emission of AlO lines [19], found to be confined within ~3 R* from 
the centre of the star, in contrast with the emission of the 29SiO(8-7) 
line, observed to extend to much larger radii. Together with A. 
Takigawa, et al. (2019) [20], these authors suggest that the dust 
shell near the star (2 to 3 R*) is dominated by alumina-rich dust 
grains, and that the overall wind acceleration, up to some 5.5 km s−1, 
occurs beyond this shell where silicate dust does not form 
efficiently, SiO molecules remaining mostly in the gas phase; such 
inefficient silicate formation is claimed to be consistent with the 
SiO/AlO ratio estimated from mid-infrared dust emission, where 
only ~6% of the Si atoms should condense as silicate dust if all Al 
atoms are bound in aluminium oxide.

Finally, W.H.T. Vlemmings, et al. (2021) [21] have recently 
observed CO masers at a Doppler velocity of 5.5 km s−1 using 
ALMA millimetre observations of the 12CO(3-2) line emission. 
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Abstract:
We analyse archival ALMA (Atacama Large Millimeter/submillimeter Array) observations of two molecular line emissions, 
12CO(3-2) and 29SiO(8-7), from oxygen-rich AGB (Asymptotic Giant Branch) star W Hya. Together with results of earlier VLT 
observations at visible and infrared wavelengths, our results suggest a two-component picture of the morpho-kinematics of the 
circumstellar envelope (CSE), one stable over time, at the scale of centuries, and the other variable, at the scale of years. The stable 
component consists of an approximately spherical shell of gas and dust expanding radially to a terminal velocity of ~5 km s−1 
at a distance of ~30 au from the star. It is found to display comparable features as seen in the CSE of R Dor, a star similar to 
W Hya. The variable component projects on the plane of the sky over a region confined to the neighbourhood of the star and 
elongated toward the north. Its very high density and sudden acceleration suggest an interpretation in terms of mass ejection 
initiated a few years ago. We discuss its properties in relation with earlier observations of dust formation in the same region. Our 
results offer a picture of the wind of W Hya that differs significantly from the picture that could be suggested by earlier analyses, 
giving evidence for a mass ejection that had been previously overlooked and underscoring new relations between the dust and gas 
emissions. They have an impact on the evidence published earlier for the presence of CO masers. They favour an interpretation 
in terms of convective cell ejections playing the main role in the generation of the nascent wind, the stable component of the CSE 
being seen as the result of many successive such events occurring in different directions at short time intervals. 
Keywords: circumstellar matter, radio lines: stars, stars: AGB and post-AGB, stars: individual: W Hya.
Classification number: 2.1
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The present article revisits earlier analyses of archival ALMA 
observations of the 29SiO(8-7) and 12CO(3-2) molecular emissions 
in order to draw a significantly improved picture of the morpho-
kinematics of the CSE of the star. 

2. Observations and data reduction
The present work uses archival observations of W Hya from 

project ADS/JAO.ALMA#2015.1.01446.S (PI: A. Takigawa), 
which were carried out for a total of ~2 hours on source between 
30 November and 5 December 2015 (stellar pulsation phase φ=0.3) 
with ALMA in Cycle 3. The antennas, respectively 33 and 41 in 
number, were configured in such a way that the baseline lengths 
were distributed in two groups, one covering between ~15 m 
and ~200 m, the other between ~400 m and ~8 km; the former 
group included 10 antennas in a circle of 100 m radius providing 
insufficient uv coverage for addressing properly the short spacing 
problem. As a result, reliable imaging is limited to projected 
angular distances smaller than 0.15-0.20 arcsec from the star [17]. 
The emissions of the 29SiO(8-7) line, with a frequency of 342.9808 
GHz, and of the 12CO(3-2) line, with a frequency of 345.7960 GHz, 
were observed in different spectral windows, with channel spacing 
of 0.854 km s−1 and 0.4236 km s−1, respectively. The data have 
been calibrated with CASA1 using standard scripts provided by 
ALMA without continuum subtraction. Imaging, using GILDAS2/
IMAGER3 with robust weighting parameter of 1, produces beams 
of 52×38 mas2 (PA=99o) and 50×42 mas2 (PA=101o) for the SiO 
and CO lines respectively. Noise levels (σ) are of ~2 and ~3 mJy 
beam−1, respectively.

 The observations of the CO line have been analysed earlier 
by W.H.T. Vlemmings, et al. (2017, 2019, 2021) [15, 16, 21] who 
used the data in conjunction with observations of a second epoch 
(project ADS/JAO.ALMA#2016.A.00029.S) on 25 Nov 2017 with 
an on-source observing time of ~35 min. The observations of the 
SiO line have been analysed earlier by A. Takigawa, et al. (2017) 
[19], T. Danilovich, et al. (2019) [22] and D.T. Hoai, et al. (2021) 
[17]. Details related to the observations, calibration and reduction 
of the data have been presented in these publications.

We use coordinates centred at the peak of continuum emission 
[16], x pointing east, y pointing north and z pointing away 
from Earth. The projected distance to the star is calculated as 
R=√(x2+y2). Position angles, ω, are measured counter-clockwise 
from north. The Doppler velocity, Vz, spectra are referred to a 
systemic velocity of  40.4 km s−1.

3. Morpho-kinematics of the CSE
3.1. A radially expanding shell

Doppler velocity spectra integrated over the circle R<0.2 
arcsec are displayed in the left panels of Fig. 1. Contrasting with 
the small angular range being covered, these spectra probe the 

CSE along the line of sight over large distances where temperature 
and density conditions allow for emission of the observed lines. 
Both spectra show a clear peak at Vz~−5 km s−1, SiO in absorption 
and CO in emission. This suggests the presence of a gas layer 
between star and observer, optically thin for CO and thick for SiO 
emissions, over which the wind has reached a terminal velocity 
of ~5 km s−1: a similar situation is observed in several other AGB 
stars as illustrated in the right panels of Fig. 1 by the case of R Dor 
[23] where the terminal velocity is ~4 km s−1. In both stars, the CO 
spectrum shows a small emission peak at terminal velocity on the 
red-shifted side suggesting that the expanding layer is in fact part 
of a spherical shell surrounding the star.
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on the sides of the peak. The right panels show the same line emissions for R Dor, 

integrated over a circle R<0.35 arcsec and divided by a factor 3.1, accounting for the 

different distances (104 pc for W Hya vs 59 pc for R Dor). Vertical lines are shown at 

Vz=±5 km s−1 for W Hya and ±4 km s−1 for R Dor. 

 However, in the case of W Hya, such interpretation raises a few questions: a) The 

Doppler velocity of ~5 km s−1 is the same as the velocity where W.H.T. Vlemmings, et 

al. (2021) [21] observe a CO maser; b) The wind terminal velocity evaluated by T. 

Khouri, et al. (2014) [6, 7] is 7.5 km s−1 rather than 5 km s−1; c) While similar, the spectra 

of the two stars display small but significant differences; in particular the CO emission 

peak of W Hya is narrower than that of R Dor and the SiO absorption peak is shallower. 

We address these questions in the remaining of the present section. 

 Spectral maps of both lines in a square |x,y|<75 mas centred on the star are 

displayed in Fig. A1 of the Appendix. Significant continuum contribution is seen to 

extend to R∼50 mas, in agreement with earlier analyses [15, 16]. In all panels, the 

distributions show a peak between ~ −4 and ~−6 km s−1, in emission for the CO line and 

in absorption for the SiO line. Under the peak, the CO spectra display a broad 

distribution, covering between Vz ~−10 and +10 km s−1; red-shifted absorption is seen 

over the stellar disc, particularly strong for the SiO line, suggesting the presence of in-

falling gas. Also shown in this figure is a same set of spectral maps for the 29SiO(8-7) 

emission of R Dor [23], scaled to account for the difference in distances. It displays 

remarkable similarity with the W Hya set as illustrated in Fig. 2 for the spectra covering 

the stellar discs. Yet, significant differences are visible: the absorption peak associated 

Fig. 1. Doppler velocity spectra integrated over the circle R<0.2 
arcsec for the CO(3-2) (left) and 29SiO(8-7) (centre-left) line 
emissions of W Hya. The red lines show the interpolation over the 
peak range of the emission observed on the sides of the peak. The 
right panels show the same line emissions for R Dor, integrated over 
a circle R<0.35 arcsec and divided by a factor 3.1, accounting for the 
different distances (104 pc for W Hya vs 59 pc for R Dor). Vertical lines 
are shown at Vz=±5 km s−1 for W Hya and ±4 km s−1 for R Dor.

However, in the case of W Hya, such interpretation raises a 
few questions: a) The Doppler velocity of ~5 km s−1 is the same as 
the velocity where W.H.T. Vlemmings, et al. (2021) [21] observe a 
CO maser; b) The wind terminal velocity evaluated by T. Khouri, 
et al. (2014a, 2014b) [6, 7] is 7.5 km s−1 rather than 5 km s−1; 
c) While similar, the spectra of the two stars display small but 
significant differences; in particular the CO emission peak of W 
Hya is narrower than that of R Dor and the SiO absorption peak 
is shallower. We address these questions in the remaining of the 
present section.

Spectral maps of both lines in a square |x,y|<75 mas centred 
on the star are displayed in Fig. A1 of the Appendix. Significant 
continuum contribution is seen to extend to R~50 mas, in agreement 
with earlier analyses [15, 16]. In all panels, the distributions show 
a peak between ~−4 and ~−6 km s−1, in emission for the CO line 
and in absorption for the SiO line. Under the peak, the CO spectra 
display a broad distribution, covering between Vz~−10 and +10 km 
s−1; red-shifted absorption is seen over the stellar disc, particularly 
strong for the SiO line, suggesting the presence of in-falling 
gas. Also shown in this figure is a same set of spectral maps for 
the 29SiO(8-7) emission of R Dor [23], scaled to account for the 
difference in distances. It displays remarkable similarity with the 
W Hya set as illustrated in Fig. 2 for the spectra covering the stellar 
discs. Yet, significant differences are visible: the absorption peak 
associated with the terminal velocity is broader for R Dor than for 
W Hya and the broad absorption spectrum underneath the peak is 
more red-shifted for W Hya than for R Dor.

                                                                                                                             
1https://casa.nrao.edu/.
2https://www.iram.fr/IRAMFR/GILDAS/.
3https://imager.oasu.u-bordeaux.fr/.
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Fig. 2. Comparing the spectral distributions of the central 
brightness in W Hya (left) and R Dor (right). The difference in 
distances is taken into account by proper scaling and the difference 
in beam sizes (53×40 mas2 for W Hya and 41×35 mas2 for R Dor) is 
taken into account by averaging over 30×30 mas2 for W Hya and over 
both 45×45 mas2 (black) and 55×55 mas2 (red) for R Dor, providing an 
estimate of the attached uncertainty.

3.2. Terminal velocity

The absence of evidence for a terminal velocity exceeding ~5 
km s−1 may cast doubt on the evaluation of 7.5 km s−1 proposed by 
T. Khouri, et al. (2014a) [6]. These authors fit single dish infrared 
to sub-millimetre observations of CO line profiles (Herschel, 
APEX, SMT and SEST) using simple non-LTE radiative transfer 
modelling with an initial CO/H2 abundance of 4×10−4. The best fit 
gives a terminal velocity of 7.5±0.5 km s−1, a turbulent velocity 
of 1.4±0.1 km s−1 and a radial dependence of the temperature 
of the form T[K]=2500×(23/r[mas])0.65±0.05. It requires a photo-
dissociation radius of the CO molecules 2.5 times smaller than 
expected from G.A. Mamon, et al. (1988) [24] modelling and a 
slow start of the wind acceleration for expansion velocities below 
5.5-6.0 km s−1, followed by a fast injection of momentum to reach 
the terminal velocity. These results contrast with those obtained 
by A. Takigawa, et al. (2017) [19], who suggest that acceleration 
takes place beyond an AlO-rich dust shell that covers between 
50 and 70 mas from the centre of the star and reaches quickly a 
terminal velocity of 5.5 km s−1. Also, W.H.T. Vlemmings, et al. 
(2021) [21] find it difficult to adopt the radial dependence of the 
expansion velocity proposed by T. Khouri, et al. (2014a) [6] when 
modelling the CO masers: their model requires a larger velocity at 
the inner envelope, ~4.2 km s−1, a steeper acceleration and a larger 
turbulent velocity component.

In summary, large uncertainties are attached to the results 
obtained by T. Khouri, et al. (2014a) [6] using single dish line 
profiles: the Doppler velocity spectra of the 12CO(3-2) and 
29SiO(8-7) ALMA observations presented here can reasonably 
be interpreted as evidence for a terminal velocity of 5-6 km s−1 
rather than 7.5 km s−1. In this context, we remark that the escape 
velocity from a solar mass star is ~20 km s−1 beyond the dust shell 
and reaches 5 km s−1 at only ~700 mas: The precise form of the 
radial dependence of the velocity in this interval depends on the 
details of the forces acting on the dust grains and of their collisions 
with the gas molecules, in a way which is far from being well 
understood. We also note that the observation of narrow peaks at 

terminal velocity implies that this velocity has been reached early 
enough to dominate much of the explored regions of the line of 
sight. We remark that an OH maser observed in 1986 at Nançay 
[25] is at this same velocity of 5-6 km s−1.

Of course, we cannot exclude that further acceleration, beyond 
5 km s−1, takes place at distances from the star where the emission 
of the CO line has become too weak to be detected, because the 
density or/and the temperature have become too low. This however 
would be irrelevant to the arguments made in the present article, 
the expansion velocity of ~5 km s−1 being effectively terminal over 
the explored radial range.

3.3. Peak emission of the CO line

Between ~−6 and ~−4 km s−1, CO emission and SiO emission 
(Fig. 1) show an emission and an absorption peak, respectively. In 
order to obtain an approximate evaluation of what they correspond 
to, we evaluate their contribution by subtracting the linear 
interpolation over the peak range of the emission observed on the 
sides of the peak (Fig. 1). The result is mapped in Fig. 3, giving 
evidence for very similar morphologies, the CO intensity being 
positive and the SiO intensity negative. The right panel of Fig. 
3 gives indeed evidence for a clear correlation between the peak 
emissions of the two lines. This is a surprising result in relation 
with the maser interpretation proposed by W.H.T. Vlemmings, et 
al. (2021) [21] for the emission of the CO line: it is not clear why 
the morphology observed for the CO maser emission should match 
the region of SiO absorption.
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s−1; Centre: same as left but for SiO, the contour of the CO line at 50 mJy beam−1 

km s−1 is shown on both the left and central panels and defines region C; Right: 

correlation between the intensities mapped in the left and central panels. For each 

pixel, we plot the CO intensity in abscissa and the SiO intensity in ordinate, the 

colour scale is in number of pixels per bin. The red line shows the intensity 

associated with the CO contour displayed in the left and central panels. 
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in a wedge covering approximately from 305o to 35o counter-clockwise in position angle. 

We refer to this region of enhanced emission as “region C”; concretely, for convenience, 

we define it as the region where the intensity of the emission of the CO peak exceeds 50 

mJy beam−1 km s−1. It qualitatively matches the anisotropy of the dust distribution 

observed by K. Ohnaka, et al. (2016, 2017) [10, 11] at two epochs bracketing the 

observation of the molecular lines (8 July 2015 and 23 March 2016 compared with end of 

November 2015). Moreover, it also matches the observation of a blue-shifted blob of SiO 

emission by D.T. Hoai, et al. (2021) [17] at Doppler velocities around 10 km s−1, for 

which these authors failed to find a sensible interpretation. As illustrated in Fig. 4, which 

displays channel maps of both the CO and SiO lines in the range of relevant Doppler 

velocities, a similar blob is observed in the CO emission, however at less negative 

Doppler velocities. 

 Overall view 
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Fig. 3. Left: W Hya CO intensity map of the peak integrated 
between −4 and −6 km s−1 with linearly interpolated background 
subtracted, colour scale is Jy beam−1 km s−1; Centre: same as left 
but for SiO, the contour of the CO line at 50 mJy beam−1 km s−1 is 
shown on both the left and central panels and defines region C; 
Right: correlation between the intensities mapped in the left and 
central panels. For each pixel, we plot the CO intensity in abscissa 
and the SiO intensity in ordinate, the colour scale is in number of pixels 
per bin. The red line shows the intensity associated with the CO contour 
displayed in the left and central panels.

The peak emission displayed in Fig. 3 shows clear anisotropy, 
with enhancement in a wedge covering approximately from 305o 
to 35o counter-clockwise in position angle. We refer to this region 
of enhanced emission as “region C”; concretely, for convenience, 
we define it as the region where the intensity of the emission of the 
CO peak exceeds 50 mJy beam−1 km s−1. It qualitatively matches 
the anisotropy of the dust distribution observed by K. Ohnaka, et 
al. (2016, 2017) [10, 11] at two epochs bracketing the observation 
of the molecular lines (8 July 2015 and 23 March 2016 compared 
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with end of November 2015). Moreover, it also matches the 
observation of a blue-shifted blob of SiO emission by D.T. Hoai, 
et al. (2021) [17] at Doppler velocities around 10 km s−1, for which 
these authors failed to find a sensible interpretation. As illustrated 
in Fig. 4, which displays channel maps of both the CO and SiO 
lines in the range of relevant Doppler velocities, a similar blob is 
observed in the CO emission, however at less negative Doppler 
velocities.

3.4. Overall view

In order to shed light on these observations, we consider 
separately 8 regions covering the environment of the star within 
150 mas (6 R*) projected distance from its centre: four quadrants 
covering 0<R<75 mas and four others covering 75<R<150 mas. 
The quadrants, shown in Fig. 3, are numbered in increasing order 
from north counter-clockwise, from 1 to 4 for the inner quadrants 
and from 5 to 8 for the outer quadrants. Quadrants 1 and 5 cover 
the wedge |ω−350o|<45o. Fig. 5 displays, for each quadrant and 
for each of the CO and SiO lines, the observed Doppler velocity 
spectrum. Together with the inner quadrants, outer quadrant 5 
covers region C where the CO peak emission is enhanced (Fig. 3) 
and where the blue-shifted blobs are observed (Fig. 4). The inner 
quadrants cover the range where dust is being formed and starts 
accelerating the gas [11, 19] and where shocks anticorrelated with 
the dust clouds are seen to heat the extended atmosphere of the 
star [15]. Tables 1 and 2 list a number of parameters that describe 
the spectra displayed in Fig. 5. They are described as the sum 
of three components: a flat continuum emission averaged over 
15<|Vz|<26 km s−1, a broad component and a peak, positive for 
CO and negative for SiO. To separate the contribution of the peak 
from that of the broad component we define a peak interval as 
4<|Vz|<6 km s−1  over which we evaluate the contribution of the 
broad component by linear interpolation from the sides of the peak 
interval. The peak is then redefined as the difference between the 
observed distribution and this linearly interpolated distribution, 
the broad component being defined accordingly. Tables 1 and 2 
list the continuum level and, for the broad component, its value at 
maximum, its FWHM and its central velocity; for the peak, Table 
1 lists the peak emission at maximum and Table 2 the emission 
at maximal absorption. Uncertainties are typically ±1 km s−1 on 
Doppler velocities and ±10 mJy on flux densities.
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Fig. 5. Doppler velocity spectra (Jy) integrated in each of 8 
quadrants for the 12CO(3-2) emission (left) and 29SiO(8-7) emission 
(right) of W Hya. The quadrants cover the projected radial ranges 
0<R<75 mas (upper row of each pair) and 75<R<150 mas (lower row 
of each pair), respectively. In each row the quadrants are numbered in 
increasing order starting from north counter-clockwise, from 1 to 4 for 
the inner quadrants and from 5 to 8 for the outer quadrants. Quadrants 
1 and 5 cover position angles |ω−350o|<45o.

Table 1. Parameters describing the 12CO(3-2) spectra of quadrants 
1 to 8.

Quadrant Continuum 
(Jy)

Peak height 
(Jy)

Broad emission

Maximum (Jy) FWHM 
(km s–1)

Central velocity 
(km s–1)

1 0.11 0.25 0.18 10 –2

2 0.12 0.19 0.16 11 +1

3 0.07 0.11 0.18 10 –1

4 0.08 0.18 0.19 11 –2

5 0 0.28 0.37 10 –2

6 0 0.12 0.40 9 0

7 0 0.09 0.35 6 0

8 0 0.15 0.40 6 –2

Table 2. Parameters describing the 29SiO(8-7) spectra of quadrants 
1 to 8.

Quadrant Continuum 
(Jy)

Flux at maximal 
absorption (mJy)

Broad emission

Maximum (Jy) FWHM (km s–1) Central velocity (km s–1)

1 0.12 25 0.24 14 –1

2 0.14 25 0.23 13 0

3 0.08 25 0.24 12 0

4 0.10 25 0.25 12 –1

5 0 50 0.58 13 0

6 0 50 0.62 11 1

7 0 50 0.62 8 0

8 0 50 0.82 9 0

The same exercise using sextants rather than quadrants is 
reported in the Appendix (Fig. A2, Tables A2 and A3) where 
a parameterized description of the spectra, in the form of a 
flat continuum and a Gaussian for each of the peak and broad 
component, is presented. We used it to cross-check the results 
obtained from the quadrant analysis. These results call for a 
number of comments.
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Continuum is seen to contribute to the inner quadrants 
exclusively and the levels observed in the SiO and CO bands agree 
to a precision of ±7 mJy km s−1 arcsec−2. They display anisotropy 
comparable with the dust distribution observed by K. Ohnaka, et al. 
(2017) [11], namely a depression in the south-western direction: 
the ratio between the average emission in sextants 4 and 5 and 
that in the other four sextants (see Appendix) is 58% and the ratio 
between the average emission in quadrants 3 and 4 and that in 
quadrants 1 and 2 is 67%. This seems to contradict the detailed 
analysis of W.H.T. Vlemmings, et al. (2017) [15], which gives 
evidence for a south-western hot spot dominating the asymmetry 
of the continuum emission. 

The emission peaks of the CO spectra are at −5.1±0.2 km s−1 
and the absorption peaks of the SiO spectra at −4.7±0.2 km s−1. 
The difference is 0.4±0.2 km s−1, barely significant and possibly 
associated with an extra acceleration in the region probed by the CO 
line emission compared with that probed by the SiO line emission. 
The rms deviation from the peak mean velocity is 1.0±0.4 km s−1 
for CO and 0.8±0.2 km s−1 for SiO. The red-shifted peak of CO 
emission is precisely at +5 km s−1, supporting the shell picture.

The amplitude of the CO emission peak is 3 times larger in 
quadrants 1 and 5 than in the opposite quadrants, 3 and 7. The 
quadrants in between have intermediate peak heights: at the level 
of 3/4 of quadrant 1 in the inner circle and at the level of 1/2 of 
quadrant 5 in the outer ring. Accounting for the factor 3 difference 
in area between the inner circle and the outer ring, the mean 
brightness of the peak is 4.5 times larger in the inner quadrants 
than in outer quadrants 6 to 8. These asymmetries quantify the 
anisotropy illustrated in the left panel of Fig. 3. They suggest an 
enhancement of density and/or an anticipated reach of the terminal 
velocity in region C. We discuss this further in the next section.

The minima of the absorption peaks of the SiO spectra are 
at the approximate level of ~25 mJy in the inner circle and ~50 
mJy in the outer ring, independently from the position angle. They 
reveal the important optical thickness and provide information on 
temperature that is further discussed later.
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Fig. 6. Continuum-subtracted blue-shifted parts (upper panels) and red-shifted 

parts (lower panels) of the spectra displayed in Fig. 5. 
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between ~−6 and ~−4 km s−1, is centred at ~−1 km s−1 for the CO line and at ~0 for the 

SiO line, with a precision (rms) of ±1 km s−1. In quadrants 1 to 6, it has a FWHM of 10±1 

km s−1 for the CO line and of 12.5±1.0 km s−1 for the SiO line. In quadrants 7 and 8, the 

FWHM is only 2/3 of these values. The flux density at maximum displays little 

dependence on position angle. In the inner circle, it is ~0.18 and ~0.24 Jy for the CO and 

SiO lines, respectively and in the outer ring, ~0.38 and ~0.66 Jy. In terms of brightness, 

on average, the outer ring brightness is ~83% of that of the inner circle. Altogether, this 

emission displays less anisotropy and less inhomogeneity than in the terminal velocity 

interval, the main deviations from uniformity being a broader spectrum for SiO emission 

than for CO emission and for the C region than opposite to it. Broader SiO than CO 

spectra are commonly observed in other oxygen-rich AGB stars, the difference being 

caused by shorter distances to the star, where the linewidth is larger, being probed by SiO 

emission than by CO emission. 

 The high Vz wings of the CO and SiO emissions are illustrated in Fig. 6. They 

show an important excess of flux density on the blue-shifted side of quadrant 5. The 

contribution of the blue blob in this region is shown in Fig. 7, which displays the 

difference between the Doppler velocity spectrum integrated over the blob region 

(75<R<150 mas, |ω|<30o) and that integrated over the rest of the 75<R<150 arcsec ring 

Fig. 6. Continuum-subtracted blue-shifted parts (upper panels) 
and red-shifted parts (lower panels) of the spectra (Jy) displayed 
in Fig. 5.

The emission above continuum and outside of the terminal 
velocity interval, between ~−6 and ~−4 km s−1, is centred at ~−1 
km s−1 for the CO line and at ~0 for the SiO line, with a precision 
(rms) of ±1 km s−1. In quadrants 1 to 6, it has a FWHM of 10±1 
km s−1 for the CO line and of 12.5±1.0 km s−1 for the SiO line. In 
quadrants 7 and 8, the FWHM is only 2/3 of these values. The flux 
density at maximum displays little dependence on position angle. 
In the inner circle, it is ~0.18 and ~0.24 Jy for the CO and SiO lines, 
respectively and in the outer ring, ~0.38 and ~0.66 Jy. In terms of 
brightness, on average, the outer ring brightness is ~83% of that of 
the inner circle. Altogether, this emission displays less anisotropy 
and less inhomogeneity than in the terminal velocity interval, the 
main deviations from uniformity being a broader spectrum for SiO 
emission than for CO emission and for the C region than opposite 
to it. Broader SiO than CO spectra are commonly observed in other 
oxygen-rich AGB stars, the difference being caused by shorter 
distances to the star, where the linewidth is larger, being probed by 
SiO emission than by CO emission.

The high Vz wings of the CO and SiO emissions are illustrated 
in Fig. 6. They show an important excess of flux density on the 
blue-shifted side of quadrant 5. The contribution of the blue blob 
in this region is shown in Fig. 7, which displays the difference 
between the Doppler velocity spectrum integrated over the blob 
region (75<R<150 mas, |ω|<30o) and that integrated over the rest 
of the 75<R<150 arcsec ring and divided by 5 to account for the 
broader ω interval. The blob is seen as a blue-shifted source of 
intense emission centred on the terminal velocity and covering 
some ~10 km s−1. The CO emission shows a narrow peak at 
terminal velocity over a broader distribution, each reaching ~0.1 
Jy at maximum. The SiO emission is more difficult to interpret. 
The persistence of an absorption peak at terminal velocity implies 
that the SiO line is much more opaque over the blob than on the 
rest of the ring. The structure seen at Doppler velocities exceeding 
~−3 km s−1 results from the different shapes displayed by the 
spectra (see more Fig. 5).
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emissions 

 Formalism 

 In the LTE approximation, for a given velocity Vz and a brightness I0 [Jy arcsec−2] 

on the entrance side of a thin slab of column density N [molecules cm−3 arcsec] and 

temperature T [K], the brightness I [Jy arcsec−2] at the exit side, reads: 

 I = I0 e−τ + S(1 − e−τ ) = S + (I0 − S)e−τ                  (1) 

where S is the source function defined as S=ε/τ with ε [Jy arcsec−2] describing the 

unabsorbed emission of the slab and τ being its optical thickness. In the LTE 

approximation, S is the Planck function: S=ε/τ=(2h f3)/(c2)(e∆E/T−1)−1=f 

[GHz]3/(2.9×107)(e∆E/T−1)−1 Jy arcsec−2. The frequency f and the energy ∆E of the 

transition take similar values for the CO and SiO lines: 345.80 and 342.98 GHz, and 16.7 

Fig. 7. Difference between the Doppler velocity spectrum 
integrated over the blob region (75<R<150 mas, |ω|<30o) and that 
integrated over the rest of the 75<R<150 mas ring and divided by 
5 to account for the broader ω interval. Left panel is for the CO line 
and right panel for the SiO line.

4. Temperature dependence and radiative transfer 
modelling of the observed line emissions

4.1. Formalism

In the LTE approximation, for a given velocity Vz and a 
brightness I0 [Jy arcsec−2] on the entrance side of a thin slab of 
column density N [molecules cm−3 arcsec] and temperature T [K], 
the brightness I [Jy arcsec−2] at the exit side, reads:
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I = I0 e
−τ + S(1−e−τ ) = S + (I0−S)e−τ	                      (1)

where S is the source function defined as S=ε/τ with ε[Jy arcsec−2] 
describing the unabsorbed emission of the slab and τ being its 
optical thickness. In the LTE approximation, S is the Planck 
function: S=ε/τ=(2h f3)/(c2)(e∆E/T−1)−1=f [GHz]3/(2.9×107)
(e∆E/T−1)−1 Jy arcsec−2. The frequency f and the energy ∆E of the 
transition take similar values for the CO and SiO lines: 345.80 and 
342.98 GHz, and 16.7 and 16.6 K, respectively. When the column 
density increases, I varies from I0 to ε/τ. In case of absorption, 
I0>ε/τ, I is always larger than ε/τ, a lower limit to the emission 
of an optically thick shell: however large absorption may be, the 
outer part of the layer cannot be prevented from shining. When the 
energy of the transition is much smaller than the temperature T, 
one can approximate ε/τ~f3T/(2.9 107 ∆E)~T[K]/11.8.

Figure 2 shows that the minimal brightness observed in a 
30×30 mas2 region is ~0.5 mJy au−2=5.5 Jy arcsec−2, which must 
therefore exceed T[K]/11.8, implying T<65 K (75 K using the 
exact relation). The same result is obtained with the minimal flux 
density of ~25 mJy observed in each of the 4.4×10−3 arcsec2 inner 
quadrants. This result is independent from the value of ε, namely 
of the column density. At r=1 arcsec, this temperature is only 
one third of that obtained from the law used by T. Khouri, et al. 
(2014a) [6]  and A. Takigawa, et al. (2017) [19] close to the star: 
T[K]=2500×(23/r[mas])0.65, suggesting a steeper radial decrease 
of the temperature than commonly assumed in the published 
literature.

The emission parameter ε [Jy arcsec−2] is obtained from 
Relation 2 below:
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(2)

where d [pc] is the distance from the Sun to the star, J and Eu 
[K] the spin and energy of the upper level, Aji [s

−1] the Einstein 
coefficient, k [K] the ratio between the temperature and the 
partition function, N [molecules cm-3 arcsec] the column 
density, ∆f and ∆V the line widths in frequency and velocity 
respectively and T [K] the temperature. The parameters for the 
CO and SiO lines are given in Table 3. The values of ε0 and τ0 
for ∆V=1 km s−1 listed in the last columns are defined from 
the expressions ε=ε0Ne−Eu/T/T and τ=τ0Ne−Eu/T/T(e∆E/T-1). The 
dependence on temperature of ε/N and τ/N is illustrated in Fig. 8.
Table 3. Parameters related to the emissions of the CO and SiO 
lines. The values of frequency f, transition energy ∆E, upper level 
energy Eu, emission coefficient Aji and partition function are taken from 
CDMS [26].

Line F [GHz] ΔE [K] Eu [K] 2J+1 Aji [s
–1] k[K] d[pc] ε0 τ0

12CO(3-2) 345.80 16.7 33.19 7 2.50×10–6 2.77 104 27.7 19.4
29SiO(8-7) 342.98 16.6 74.08 17 21.0×10–4 1.03 104 21.0×103 16.0×103
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Fig. 8. Dependence on temperature of ε/N (left), τ/N (centre) and ε/τ (right) for the 
12CO(3-2) (upper panels) and 29SiO(8-7) (lower panels), respectively. Units are Jy 

arcsec−2 for ε and mol. cm−3 arcsec for N. 

 Comparing W Hya and R Dor outside region C 

 Figure 9 compares the CO and SiO spectra in quadrants 3 and 7, opposite to region 

C, of W Hya to the equivalent for R Dor [23], divided by 3.1 and integrated over a circle 

R<0.13 arcsec and a ring 0.13<R<0.26 arcsec, to account for the different distances from 

the Earth and divided by 4 to compare with a quadrant. In the outer ring, which is free of 

region C, the SiO R Dor spectra are seen to be lower (0.25 compared to 0.62 Jy) than the 

W Hya spectra and broader (width at 1/5 maximum ~15 km s−1 compared to ~10 km s−1). 

Qualitatively, however, the similarity between the two spectra suggests that a same 

dynamics is at stake in both stars. The broader linewidth of the R Dor spectra, as noted 

earlier by D.T. Hoai, et al. (2021) [17], suggests a stronger impact of shocks induced by 

pulsations and convective cell ejections in R Dor than in W Hya away from region C. 

Fig. 8. Dependence on temperature of ε/N (left), τ/N (centre) and 
ε/τ (right) for the 12CO(3-2) (upper panels) and 29SiO(8-7) (lower 
panels), respectively. Units are Jy arcsec−2 for ε and mol. cm−3 arcsec 
for N.

4.2. Comparing W Hya and R Dor outside region C
Figure 9 compares the CO and SiO spectra in quadrants 3 

and 7, opposite to region C, of W Hya to the equivalent for 
R Dor [23], divided by 3.1 and integrated over a circle R<0.13 
arcsec and a ring 0.13<R<0.26 arcsec, to account for the 
different distances from the Earth and divided by 4 to compare 
with a quadrant. In the outer ring, which is free of region C, the 
SiO R Dor spectra are seen to be lower (0.25 compared to 0.62 
Jy) than the W Hya spectra and broader (width at 1/5 maximum 
~15 km s−1 compared to ~10 km s−1). Qualitatively, however, 
the similarity between the two spectra suggests that a same 
dynamics is at stake in both stars. The broader linewidth of the 
R Dor spectra, as noted earlier by D.T. Hoai, et al. (2021) [17], 
suggests a stronger impact of shocks induced by pulsations and 
convective cell ejections in R Dor than in W Hya away from 
region C. The difference in intensity (~3.7 vs ~6.2 Jy km s−1) 
suggests a higher density for W Hya than for R Dor. In the 
inner circle, the difference between W Hya and R Dor spectra is 
qualitatively the same as in the outer ring.
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Fig. 9. Comparison between W Hya and R Dor, 29SiO(8-7) and CO(3-2) lines, in 
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R Dor data have been scaled down for the different distance from the Earth. The 

upper row is for the inner circle (quadrant 3), the lower row for the outer ring (quadrant 

7). 

 The CO emission spectra are smeared by the broader beam size in the R Dor case 

(180×140 mas2 instead of 52×40 mas2), making the comparison with W Hya difficult.  

 In the remaining of this section, we use a very simple LTE model to compare the 

CSE of R Dor with that of W Hya in quadrant 7, away from region C. We restrict the 

analysis to the SiO data for R Dor, the beam size being too large for a reliable 

comparison with the CO data. The R Dor data have been scaled to correct for the 

different distances from the Earth and to account for the solid angle coverage of quadrant 

7. The model assumes that the wind velocity V is radial and increases linearly from r=50 

mas (~5 au or ~2 R∗) to a terminal velocity Vterm at r=rterm. The radial decrease of the 

temperature is taken of the form T=T0/(r/0.05)p where T0 is the temperature at r=50 mas. 

The CO density takes a value d0 at r=1 arcsec and scales in inverse proportion to Vr2. The 

SiO density is taken as ρ times the CO density. Its depletion is approximately accounted 

for by limiting the layer radius to 1.5 arcsec instead of 3 arcsec for CO. The line width is 

Fig. 9. Comparison between W Hya and R Dor, 29SiO(8-7) and CO(3-2)
lines, in quadrants 3 and 7, opposite to region C, as specified on 
top of the upper panels. The R Dor data have been scaled down for 
the different distance from the Earth. The upper row is for the inner 
circle (quadrant 3), the lower row for the outer ring (quadrant 7).

 The CO emission spectra are smeared by the broader beam 
size in the R Dor case (180×140 mas2 instead of 52×40 mas2), 
making the comparison with W Hya difficult. 
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In the remaining of this section, we use a very simple LTE 
model to compare the CSE of R Dor with that of W Hya in quadrant 
7, away from region C. We restrict the analysis to the SiO data for 
R Dor, the beam size being too large for a reliable comparison 
with the CO data. The R Dor data have been scaled to correct for 
the different distances from the Earth and to account for the solid 
angle coverage of quadrant 7. The model assumes that the wind 
velocity V is radial and increases linearly from r=50 mas (~5 au 
or ~2 R*) to a terminal velocity Vterm at r=rterm. The radial decrease 
of the temperature is taken of the form T=T0/(r/0.05)p where T0 is 
the temperature at r=50 mas. The CO density takes a value d0 at 
r=1 arcsec and scales in inverse proportion to Vr2. The SiO density 
is taken as ρ times the CO density. Its depletion is approximately 
accounted for by limiting the layer radius to 1.5 arcsec instead 
of 3 arcsec for CO. The line width is described in an ad hoc and 
very approximate way with Gaussian forms of different σ values, 
as one would do for turbulence, although it is expected to result 
from shocks induced by pulsations and convective cell ejections in 
the innermost layers. In particular, the presence of in-falling gas is 
simply ignored. Beyond a distance r=rturb2, we assume a constant 
σ=Vturb2. Below this distance, we assume a radial dependence of 
σ of the form σ =Vturb1exp[−0.5(3r/rturb)

2]. Moreover, even closer 
to the star, at distances smaller than rturb/qr, we assume a broader 
value of σ=qvVturb1.

The main results are illustrated in Fig. 10 and summarised in 
Table 4 together with the rms differences ∆ between the model flux 
densities and those observed. We stress that a reliable evaluation of 
the model parameters would require data cubes covering a larger 
solid angle and the observation of at least another line of each of 
the two molecular species; in particular the numbers quoted after 
the ± sign should not be understood as uncertainties but simply 
as measures of the sensitivity of the best fit to the values taken by 
each parameter when the others are kept fixed. The quality of the 
fits is satisfactory. The main differences between the SiO emissions 
of the two stars are a steeper radial dependence of the temperature 
(ρ=1.44±0.04 instead of 0.74±0.05) and a larger region of line 
broadening (rturb=0.84±0.03 instead of 0.31±0.07) for R Dor than 
for W Hya. The value of ρ obtained for W Hya, (10±3)×10−3, 
corresponds to an abundance ratio 28SiO/12CO~13%, consistent 
with values commonly adopted in the published literature (e.g. M. 
Van de Sande, et al. (2018) [27] quote ~30% for R Dor). In both 
cases, the terminal velocity is reached close to the star.
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Fig. 10. Comparison between CO and SiO spectra observed in quadrant 7 with best 

fit model predictions. The pair of left panels is for W Hya and the pair of right 

panels for R Dor (properly scaled to quadrant 7). In the three leftmost panels the red 

curve shows the result of the best fit. In the rightmost panel, the red curve is the model 

prediction for the CO spectrum using the parameters obtained for the best fit to the SiO 

Fig. 10. Comparison between CO and SiO spectra observed in 
quadrant 7 with best fit model predictions. The pair of left panels 
is for W Hya and the pair of right panels for R Dor (properly scaled 
to quadrant 7). In the three leftmost panels the red curve shows the 
result of the best fit. In the rightmost panel, the red curve is the model 
prediction for the CO spectrum using the parameters obtained for the 
best fit to the SiO spectrum.

Table  4. Parameters of the radiative transfer fits in quadrant 7 for 
W Hya and R Dor, the latter being scaled as described in the text. 

T0
[K] p Vterm

[km s–1]
rterm
[arcsec]

d0
[mol/cm3]

rturb
[arcsec]

Vturb1
[km s–1] qV qr

Vturb2
[km s–1]

ρ
[10–3]

Δ
[mJy]

W Hya 1970
±120

0.74
±0.05

5.0
±0.3

0.32
±0.02 79±4 0.31

±0.07
1.9
±0.3

2.2
±0.7

3.15
±0.30

0.92
±0.20 10±3 CO:12

SiO:33

R Dor 1730
±75

1.44
±0.04

4.15
±0.10

0.19
±0.02 47±6 0.84

±0.03
1.83
±0.09

2.47
±0.15

6.3
±0.4 <0.2 8.5±1.1 9

The values quoted after the ±sign measure the sensitivity of the fit to 
the particular parameter: they correspond to a 10% increase of the χ2 
per degree of freedom, the other parameters being kept at their best fit 
values. They should not be interpreted as uncertainties.

The fit to the R Dor SiO spectrum, although of apparently better 
quality than that to the W Hya spectrum, is actually less reliable, 
being unconstrained by the CO data. In particular, the value 
obtained for Vturb2 is unreasonably low. Moreover, the values of ρ 
and d0 are correlated, only their product matters (0.79 molecules 
cm−3 for W Hya and 0.40 molecules cm−3 for R Dor). The CO 
spectrum predicted for R Dor using the parameters of the best fit 
to the SiO spectrum is compared with observation in the rightmost 
panel of Fig. 10. In order to account approximately for the larger 
beam size, we have subtracted from the observed quadrant 7 
spectrum a fraction of the observed quadrant 3 spectrum such that 
the resulting continuum level cancels. The high Vz wings are well 
described but the bulk emission is slightly red-shifted in the model 
instead of blue-shifted in the data. Moreover, the model predicts a 
sharp absorption near Vz=4 km s−1, which is absent from the data. 
This is caused by the low Vturb2 value obtained from the best fit to 
the SiO spectrum and by the known difference of Vterm for the SiO 
and CO emissions, interpreted by P.T. Nhung, et al. (2021) [23] as 
evidence for persistence of some acceleration at large distances. 
Yet, these are small differences considering the crudeness of the 
exercise, the overall properties of the spectrum (mean and rms 
values of Vz, total flux density) being well predicted.

In summary, while very crude, this exercise has reliably shown 
that the morpho-kinematics of the CSE of W Hya, when observed 
outside region C, is qualitatively similar to that of R Dor and can 
be described by a model accounting for the main features usually 
displayed by oxygen-rich AGB stars.

4.3. W Hya inside the C region

In order to shed some light on the morpho-kinematics at stake 
in region C of W Hya, we show in the left panel of Fig. 11, for 
both CO and SiO emissions, the difference between the Doppler 
velocity spectra observed in quadrants 7 and 5. Both are in the 
outer ring, the former outside of region C and the latter inside. The 
result is very similar to that obtained in Fig. 7 for the blob region, 
defined as |ω|<30o instead of |ω−350o|<45o. It gives evidence 
for intense blue-shifted emission accompanied by strong line 
broadening. With the idea that this is the effect of a source confined 
to short distances from the star in the blue-shifted hemisphere, 
we modify the model used to produce the spectra illustrated in 
Fig. 10 by keeping all parameters unchanged except for a narrow 
layer defined as 0>z>−0.25 arcsec (0>z>−25 au) where we adjust 
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density, temperature and velocity in order to reproduce the CO 
and SiO spectra observed in quadrant 5. The results are displayed 
in the right panels of Fig. 11 and Table 5. The quality of the fits 
is again satisfactory given the extreme crudeness of the model: 
the rms differences ∆ between the model flux densities and 
those observed are 39 mJy for the CO spectrum and 47 mJy for 
the SiO spectrum. The main outstanding parameter value is the 
CO density, d0=930±160 molecules cm−3, an order of magnitude 
larger than outside region C. Also remarkably different is the line 
width, Vturb1=3.75±0.50 km s−1 instead of 1.9±0.3 km s−1 outside 
region C. The velocity of the layer is 6.5±0.5 km s−1, and the other 
parameters take similar values as outside region C. Because of the 
high value of the density, the SiO layer is extremely opaque and 
the value of ρ is largely undefined: its best value is 37×10−3 but any 
value larger than 20×10−3 gives an acceptable fit.
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Fig. 11. Left: difference between the Doppler velocity spectra observed in quadrants 
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are compared with the results of the fit described in the text (red lines). 
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Fig. 11. Left: difference between the Doppler velocity spectra 
observed in quadrants 7 and 5 of W Hya for 12CO(3-2) (black) and 
29SiO(8-7) (red) emissions. Middle and right: quadrant 5 observed 
spectra (black histograms, CO middle and SiO right) are compared 
with the results of the fit described in the text (red lines).

Table 5. Parameters of the radiative transfer fits in quadrants 5 and 
7 of W Hya (same format as Table 4).

V(layer)
[km s −1]

d0
[mol/cm3]

rturb
[arcsec]

Vturb1
[km s–1]

T0
[K] p ρ

[10–3]

Quadrant 5
(inside C) 6.5±0.5 930±60 3.75±0.5 0.38±0.05 1970±200 0.71±0.09 >20

Quadrant 7
(outside C) no layer 79±4 1.9±0.3 0.31±0.07 1970±120 0.74±0.05 10±3

5. Continuum emission
Two sources contribute to continuum emission: the star itself 

and hot dust surrounding it. Observations by K. Ohnaka, et al. 
(2016) [10], K. Ohnaka, et al. (2017) [11] using SPHERE/ZIMPOL 
on the VLT and bracketing the ALMA observations analysed in the 
present article have given evidence for anisotropic dust formation, 
with an enhancement in the northern hemisphere and a depression 
in the south-western quadrant. Observation of Hα emission has 
given evidence for shocks anti-correlated with dust formation. 
Moreover, the polarisation pattern observed using SPHERE/
ZIMPOL displays the circular symmetry characteristic of light 
scattered from a spherical shell and the polarised intensity gives 
further evidence for a south-western depression of the dust density.

The level of continuum emission obtained from the analyses 
of SiO and CO line emissions presented in the present article, 
confined within ~50 mas from the centre of the star, is similar 
to that of R Dor (after correction for the difference in distances) 

in agreement with earlier evaluations of the star temperatures, 
~2700 K for W Hya [16] and ~3000 K [28] for R Dor. As the 
continuum emission of W Hya has been studied in detail by 
W.H.T. Vlemmings, et al. (2017) [15], we did not attempt to add 
new contributions to their results. However, our results seem to be 
partly inconsistent with theirs and we find it useful to explain this 
apparent inconsistency. As illustrated in the right panel of Fig. 12, 
these authors show the presence of a very hot and compact spot 
on the south-western quadrant of the stellar disc, within 20 mas 
from the centre of the star, and interpret it as evidence for a shock 
produced by a convective cell ejection; the spot temperature is at 
the level of 50000 K, compared with 2500 K for the temperature 
of the photosphere and 2900 K for that of the heated molecular gas 
layer surrounding it. As illustrated in Fig. 12, we find no evidence 
for such a hot spot; on the contrary, we observe a small depression 
of continuum emission in the south-western quadrant.

We recall that W Hya was observed on three days 5 December, 
3 December and 30 November 2015. The data are stored in three 
sets 1, 2 and 3 respectively. They are calibrated using the script 
provided by the ALMA staff. The maximal baseline is 7.7 km for 
set 1, 6.3 km for set 2 and 10.8 km for set 3. There are three spectral 
windows, two of 937.5 MHz and 960 channels were centred on 
330.85 (spw0) and 342.85 GHz (spw1), and a window of 1.875 
GHz and 3840 channels was centred on 344.95 GHz (spw2). The 
continuum emission displayed in the left panel of Fig. 12 uses the 
most extended array and is averaged over spw2, excluding lines 
identified by using task uv_prev in IMAGER/GILDAS. The image 
has been produced with CASA using uniform weighting. The 
beam is 28×20 mas2 (FWHM) and the map is produced with a 
circular restoring beam of 28 mas.
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shifted ~5 mas north and ~5 mas east. The right panel shows the image obtained by W.H.T. 

Vlemmings, et al. (2017) [15]. In both panels the beams are shown in the lower left corners. The 

colour scales are in Jy beam−1 for the left panel and in Kelvin for the right panel, the conversion 

factor between these being 13,600 K per Jy beam−1. 

 The right panel of Fig. 12 shows the image obtained by W.H.T. Vlemmings, et al. 
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flagged one additional antenna which had a high system temperature. They performed 

two rounds of phase self-calibration and one round of phase and amplitude self-
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mas2 and the final image is restored with a circular beam of 17 mas, smaller than the 
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 However, the apparent contradiction between the two results boils down to what is 

taken as precise star location. In our case, we assume that it is the maximum of the 

emission, which is slightly shifted south-west with respect to the centre of the boundary 

of the emission, approximately by 5 mas west and 5 mas south. In such a case, we 

conclude that the emission is slightly depressed in the south-western quadrant. W.H.T. 

Vlemmings, et al. (2017) [15], who use a smaller beam than we do, obtain an image that 

strongly suggests that the maximum of the emission corresponds to a hot spot, and that 

the star location is instead at the centre of the boundary of the emission. It is therefore 

essentially the use of a smaller beam, possibly together with two successive self-

Fig. 12. Continuum emission of W Hya. Left: image obtained from 
data set 3. The yellow circle, centred on the origin of coordinates at 
RA=13h49m01.9386s and Dec=−28d22m04.489s, is centred at the 
maximum of the emission. The red circle is instead centred (black 
cross) on the boundary of the emission, as is the red circle in the right 
panel. It is shifted ~5 mas north and ~5 mas east. The right panel shows 
the image obtained by W.H.T. Vlemmings, et al. (2017) [15]. In both 
panels the beams are shown in the lower left corners. The colour scales 
are in Jy beam−1 for the left panel and in Kelvin for the right panel, the 
conversion factor between these being 13,600 K per Jy beam−1.

The right panel of Fig. 12 shows the image obtained by W.H.T. 
Vlemmings, et al. (2017) [15]. In addition to the flagged antennas 
indicated in the standard script, they flagged one additional antenna 
which had a high system temperature. They performed two rounds 
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of phase self-calibration and one round of phase and amplitude 
self-calibration on the continuum. They obtained a beam with 
uniform weighting of 17×24 mas2 and the final image is restored 
with a circular beam of 17 mas, smaller than the major axis.

However, the apparent contradiction between the two results 
boils down to what is taken as precise star location. In our case, we 
assume that it is the maximum of the emission, which is slightly 
shifted south-west with respect to the centre of the boundary of 
the emission, approximately by 5 mas west and 5 mas south. In 
such a case, we conclude that the emission is slightly depressed in 
the south-western quadrant. W.H.T. Vlemmings, et al. (2017) [15], 
who use a smaller beam than we do, obtain an image that strongly 
suggests that the maximum of the emission corresponds to a hot 
spot, and that the star location is instead at the centre of the boundary 
of the emission. It is therefore essentially the use of a smaller 
beam, possibly together with two successive self-calibrations, 
that makes the difference of interpretation. We note that a same 
comment applies to the interpretation of the images obtained 
by K. Ohnaka, et al. (2016) [10], K. Ohnaka, et al. (2017) [11].

6. A global view
Accounting for the observations made in the previous 

sections, the present section is an attempt at drawing a consistent 
picture of the morpho-kinematics of the CSE of W Hya.

The star is surrounded by an expanding layer of gas and dust, 
which, to first order, is optically thick for 29SiO(8-7) emission 
and optically thin for 12CO(3-2) emission. In contradiction with 
earlier estimates [6], the terminal velocity is ~5 km s−1 instead 
of 7.5 km s−1. It has been reached early, at probably some ~12 
R* (0.3 arcsec) from the centre of the star, where the escape 
velocity is still 7.7 km s−1: this implies that the acceleration 
of the gas by collisions with dust grains manages to keep the 
velocity approximately constant over a broad radial range. Such 
early acceleration to the terminal velocity is consistent with 
the conclusion reached by A. Takigawa, et al. (2017) [19], who 
claim that aluminium-rich grains have formed within some 3 R* 
(75 mas) from the centre of the star and are efficient at boosting 
rapidly the gas to radial velocities at the 5 km s−1 scale. It is 
supported by the narrow width of the peaks observed in emission 
for CO and in absorption for SiO in Figs. 2 and 5: if acceleration 
were progressive these peaks would tend to trail in the red-
shifted direction. Note that masers can be invoked to explain the 
narrow CO emission peak, but they would not explain the narrow 
SiO absorption peaks. Moreover, the observation of a peak at 
+5 km s−1 in some panels of Figs. 2 and 5 supports the picture 
of a spherical shell. For such narrow peaks to be present, this 
layer must have been stable for many years, a century at least. 
Comparison with R Dor has shown remarkable similarities and 
has given evidence for the validity of a picture accounting for 
the main features usually displayed by oxygen-rich AGB stars to 
properly describe the morpho-kinematics of the CSE of W Hya 
outside region C.
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Fig. 13. Simplified schematic of a possible geometry. 
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contribution. 
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thick for the SiO line and the observed emission probes exclusively its external shell: it 
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Fig. 13. Simplified schematic of a possible geometry.

The intense blue-shifted emission observed in region C 
displays features of a mass ejection that occurred recently, at the 
scale of a few years, and is associated with the blue blob. Fig. 13 
shows a simplified schematic of a possible geometry: based on 
the confinement of region C on the sky plane and on the crude 
radiative transfer considerations made in this paper, it assumes that 
the impact of the mass ejection covers a broad cone with an axis 
making an angle of some 30o with the line of sight, implying that 
the source associated with the blue blob is located some 0.2 arcsec 
(20 au) above the plane of the sky. At a velocity of ~10 km s−1, such 
distance is covered in ~10 years. Within the cone, and within radial 
distances confined to less than 25 au from the centre of the star, the 
number density is increased by an order of magnitude, with a SiO/
CO ratio larger by at least a factor 2, and the effective line width is 
also about twice as large. The mean radial velocity inside the cone 
is 6-7 km s−1. The cone geometry matches the dust distribution 
observed by K. Ohnaka, et al. (2017) [11]. However, it evolves at 
a time scale of a few years while the variability observed by these 
authors is at the scale of a few months. Such a picture impacts 
significantly the evidence for CO maser emission claimed by 
W.H.T. Vlemmings, et al. (2021) [21] but does not exclude some 
possible contribution.

Within the spectral interval of terminal velocity, −6 to −4 km s−1, 
both over region C and outside, the expanding spherical layer 
discussed under a) is essentially optically thick for the SiO line 
and the observed emission probes exclusively its external shell: it 
makes therefore no difference whether one looks over region C or 
out of it. What makes the difference in the depth of the absorption 
peak illustrated in the central panel of Fig. 3 is instead the emission 
outside the spectral interval of terminal velocity. There, the opacity 
of the SiO line is much less and the emission over region C is 
enhanced by the additional contribution of the emission of region 
C. It is this enhancement, rather than the intensity of the absorption, 
that explains the correlation illustrated in the right panel of Fig. 3.

Outside the spectral interval of terminal velocity, we observe 
the emissions of the CO and SiO lines from gas having not yet 
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reached the terminal velocity and/or from gas expanding in a 
direction significantly different from the line of sight. Such 
gas is confined within at most 30 au from the centre of the 
star (at such a distance, gas having deviated from the line of 
sight by a projected distance R=150 mas makes an angle of 
30o with the line of sight and its Doppler velocity is 87% of 
its radial velocity). It is seen in emission for both the CO and 
SiO lines with the exception of some red-shifted absorption of 
SiO line emission over the inner quadrants, which we interpret 
as evidence for in-falling gas. Important line broadening is 
observed in this component of the CSE, witness of the turbulent 
regime induced by shocks from pulsations and cell ejections. It 
reaches typically ±10 km s−1, however covering a smaller radial 
distance in W Hya than it does in R Dor as had been already 
noted by D.T. Hoai, et al. (2021) [17] and has been confirmed 
by the analysis presented earlier. The spectra are significantly 
narrower outside region C, where a depression of dust formation 
has been reported by K. Ohnaka, et al. (2017) [11].

7. Conclusions

In summary, the picture that emerges from all above 
observations is made of two components, one stable over time, 
at the scale of at least a century, the other variable, at the scale of 
months and years. It differs significantly from the picture that was 
suggested by earlier analyses. In particular, it gives evidence for 
a recent mass ejection, which had been overlooked by all former 
studies and it underscores relations between the dust emission 
observed at the VLT and the gas emission observed at ALMA.

The stable component consists of an approximately spherical 
envelope of gas and dust expanding radially and reaching rapidly, 
at a radius of ~0.3 arcsec=30 au=12R*, a terminal velocity of 
~5 km s−1. The close environment of the star hosts a complex 
chemistry of gas and dust, displaying both stable and variable 
features. In particular, W.H.T. Vlemmings, et al. (2017) [15] 
have given evidence for gas having to stay close to the star 
photosphere for at least 103 years and K. Ohnaka, et al. (2017) 
[11] have demonstrated the variability of dust formation.

The variable component covers a broad cone that projects on 
the plane of the sky over region C, elongated and shifted with 
respect to the star in the NNW direction (~10o west of north). It 
is characterized by a high density and displays features of a mass 
ejection that started a few years ago. It is somehow related to 
the variable features observed earlier: dust formation enhanced 
in the same region [11, 19] and evidence for shocks in the south-
western quadrant [11, 15]. The details of this relation are still in 
need of being clarified.

While consistent with, and inspired by many of the 
conclusions reached by earlier authors from studies of the close 

vicinity of the star, in particular W.H.T. Vlemmings, et al. (2017) 
[15], K. Ohnaka, et al. (2017) [11] and A. Takigawa, et al. (2017) 
[19], this picture contradicts the model proposed by T. Khouri, 
et al. (2014a) [6] that implies a progressive acceleration to a 
terminal velocity of 7.5 km s−1. It also impacts significantly the 
evidence for CO maser obtained by W.H.T. Vlemmings, et al. 
(2021) [21] and provides useful clarifications on the presence of 
a hot spot south-west of the stellar disc discovered by W.H.T. 
Vlemmings, et al. (2017) [15].

As first argued by W.H.T. Vlemmings, et al. (2017) [15] this 
picture favours convective cell ejections as playing a major role 
in the generation of the nascent wind, the stable component of 
the CSE being seen as the result of many successive such events 
occurring in different directions at short time intervals. Major 
progress in modelling the relevant dynamics has been recently 
reported [29]. If confirmed by future studies, such a picture raises 
several questions; in particular, the detailed relation between 
the features observed by W.H.T. Vlemmings, et al. (2017) [15] 
and K. Ohnaka, et al. (2017) [11], including the observed anti-
correlation between shocks and dust formation, needs to be 
clarified. Moreover, the nearly exact compensation of the star 
gravity by the acceleration produced by the stellar light on dust 
grains, required to make the gas velocity stay constant well 
before having escaped the star gravity, needs to be understood.

While making use of many observations and analyses 
reported earlier, the present article offers a new and significantly 
improved description of the morpho-kinematics of the wind of 
W Hya. We failed to think of another sensible interpretation 
than presented here; in particular, invoking the presence of an 
evaporating planet in relation with the blue blob and the high 
Doppler velocity wings, as described in a recent publication [30], 
cannot be seriously pursued in the present case. Most of our 
knowledge of the morpho-kinematics of the CSE of W Hya is 
based on observations confined to the very close neighbourhood 
of the star, less than 0.2 arcsec projected distance.

To confirm the validity of the picture inferred from these 
observations, it is essential to observe the molecular line 
emission of several lines, such as CO, SiO, SO, SO2, HCN 
and some of their isotopologues, over angular distances at the 
scale of a few arcsec. Each individual star has its own specific 
identity and progress in understanding the dynamics at stake in 
the generation of the nascent wind requires a detailed exploration 
of its properties. Moreover, new observations of the close 
neighbourhood of the star, of a same quality as those made at 
or near the end of 2015, and possibly including line emissions 
probing higher temperatures, such as SO2(343,31-342,32), would 
secure and refine our understanding of the variable dynamics.
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APPENDICES

Table A1 lists some of the most relevant observations and 
analyses of the close neighbourhood of the star available in the 
published literature and Fig. A1 displays spectral maps for 12CO(3-
2) and 29SiO(8-7) emissions in both W Hya and R Dor. Figure A2 
displays Doppler velocity spectra of the 12CO(3-2) and 29SiO(8-7) 
emissions within 150 mas projected distance from the centre of 
W Hya, separated in twelve sextants. Tables A2 and A3 list the 
parameters describing these spectra, as defined in the caption of 
Fig. A2.
Table A1. Some of the most relevant observations and analyses 
of the close neighbourhood of the star available in the published 
literature.

R [R*] ~1 1-2 2-3 3-6
D.T. Hoai, et al. (2021) [17]
29SiO(8-7)
12CO(3-2)

Inner quadrants (sextants) Outer quadrants (sextants)
Broad linewidth Blue blob

W.H.T. Vlemmings, et al. (2017) [15]

Continuum
ALMA

Photosphere
2500 K
Hot spot SW

CO v=1
ALMA

Warm molecular gas 
layer 2900 K

Cool gas
in-fall and outflow 900 K

K. Ohnaka, et al. (2017) [11]

VLT
SPHERE
ZIMPOL

Clumpy dust clouds
Depressed SW

Polarization on dust
Shell structure

Hα: shocks anti-correlated 
with dust clouds Weaker Hα

TiO emission
VLTI/AMBER CO lines

A. Takigawa, et al. (2017) [19]

AlO ALMA
Depletion AlO gas
Formation AlO dust
SW depressed

29SiO ALMA Blob revealing acceleration Progressive depletion

Table A2. Parameters describing the Doppler velocity spectra 
observed in the CO sextants, as described in the caption of Fig. A2.

Sextant 1 2 3 4 5 6 7 8 9 10 11 12
a (mJy) 74 60 82 47 35 70 0 0 –4 2 1 1
b(mJy) 110 100 120 110 110 120 210 230 280 190 220 130
c 3.71 4.63 4.15 3.61 2.93 2.52 4.13 4.44 2.69 2.80 3.08 4.13
d(mJy) 170 110 120 79 69 190 220 77 70 71 89 210
e –5.23 –5.20 –5.05 –5.00 –4.89 –4.88 –5.10 –5.03 –5.43 –5.01 –4.90 –3.38
f 1.18 0.74 0.84 0.79 1.43 1.65 1.48 0.39 0.78 0.52 0.60 2.40

Table A3. Parameters describing the Doppler velocity spectra 
observed in the SiO sextants, as described in the caption of Fig. A2.

Sextant 1 2 3 4 5 6 7 8 9 10 11 12
a(mJy) 79 66 93 52 39 76 –7 –7 1 –3 –9 –3
b(mJy) 81 76 86 112 124 109 420 430 440 420 540 510
c 4.17 4.85 4.38 3.58 3.25 3.26 4.96 4.74 3.86 3.43 3.27 3.96
d(mJy) –110 –110 –140 –90 –74 –112 –247 –220 –200 –150 –160 –250
e –4.93 –4.84 –4.82 –4.75 –4.76 –4.88 –4.91 –4.82 –4.59 –4.33 –4.40 –4.80
f 0.76 0.90 0.88 0.91 0.92 0.66 0.60 0.97 1.03 1.11 1.00 0.58

Fig. A1. Spectral maps of W Hya and R Dor molecular line emissions. 
The first set of 5×5 maps is for the 12CO(3-2) emission of W Hya. The 
second and third sets are for the 29SiO(8-7) emissions of W Hya and R 
Dor, respectively. Each spectrum is averaged over a squared aperture of 
30×30 mas2 for W Hya and of 45×45 mas2 for R Dor centred at (x, y) position 
indicated in the inserts (in mas) of each panel. The beam (FWHM) is 52×40 
mas2 for W Hya and 41×35 mas2 for R Dor. The R Dor spectra have been 
divided by a factor 3.1 to account for the different distances (104 pc for W 
Hya and 59 pc for R Dor).

Fig. A2. Doppler velocity spectra observed in 12 sextants for the 12CO(3-2) 
emission (upper pair of rows) and 29SiO(8-7) emission (lower pair of rows) 
of W Hya. The sextants cover the projected radial ranges 0<R<75 mas (upper 
row of each pair) and 75<R<150 mas (lower row of each pair), respectively. 
In each row the sextants are numbered in increasing order starting from north 
counter-clockwise, from 1 to 6 for the inner sextants and from 7 to 12 for the 
outer sextants. Sextants 1 and 7 cover position angles |ω|<30o. The red lines 
show the results of fits of the form: f=a+bexp(−½Vz

2/c2)+dexp[−½(Vz−e)
2/f2]. The 

best fit values of the parameters are listed in Tables A2 and A3.

34 
 

 
Fig. A1. Spectral maps of W Hya and R Dor molecular line emissions. The first set 

of 5×5 maps is for the 12CO(3-2) emission of W Hya. The second and third sets are 

for the 29SiO(8-7) emissions of W Hya and R Dor, respectively. Each spectrum is 

averaged over a squared aperture of 30×30 mas2 for W Hya and of 45×45 mas2 for 

R Dor centred at (x, y) position indicated in the inserts (in mas) of each panel. The 

beam (FWHM) is 52×40 mas2 for W Hya and 41×35 mas2 for R Dor. The R Dor 

spectra have been divided by a factor 3.1 to account for the different distances (104 

pc for W Hya and 59 pc for R Dor). 
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Fig. A2. Doppler velocity spectra observed in 12 sextants for the 12CO(3-2) emission 

(upper pair of rows) and 29SiO(8-7) emission (lower pair of rows) of W Hya. The 

sextants cover the projected radial ranges 0<R<75 mas (upper row of each pair) and 

75<R<150 mas (lower row of each pair), respectively. In each row the sextants are 

numbered in increasing order starting from north counter-clockwise, from 1 to 6 for 

the inner sextants and from 7 to 12 for the outer sextants. Sextants 1 and 7 cover 

position angles |ω|<30o. The red lines show the results of fits of the form: 

f=a+bexp(−½Vz2/c2)+dexp[−½(Vz−e)2/f 2]. The best fit values of the parameters are 

listed in Tables A2 and A3. 
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1. Introduction
Oxygen activation at the copper active site of PMOs have gained 

significant attention in the past decade (Fig. 1) [1-9]. This active 
site is located on a solvent-exposed protein surface (Fig. 1A) in 
which the copper centre is coordinated by two absolute conserved 
histidine residues forming a histidine brace on the equatorial 
coordination plane (Figs. 1B and 1C). The distal site is occupied 
by a tyrosine residue in some PMO families or by a hydrophobic 
residue in other PMO families. It is responsible for selective 
hydroxylation of one of the two C-H bonds of the glycosidic linkage 
in polysaccharides (Fig. 1D). This hydroxylation is followed by an 
elimination step leading to the cleavage of the glycosidic linkage. 
PMOs can work in an endo fashion by creating new chain ends 
that are accessible by canonical glycoside hydrolases. PMOs can 
thus significantly boost the activity of glycoside hydrolases in 
degrading recalcitrant polysaccharides. 

Several PMOs families have been reported thus far. Most of 
these families are active on the β(1→4) glycosidic linkages found 
in cellulose, hemicellulose, and chitin. AA13 is the only family of 
PMOs active on α(1→4) glycosidic linkages in starch. There are 
two major types of starch substrates termed as amylose and amylose 
pectin. Amylose only contains α(1→4) linkages and forms single 
and double helices that in turn form a microcrystalline structure. 
Amylopectin, on the other hand, also contains α(1→6) linkages that 
form branches. Amylopectin is thus more amorphous and is much 

more amenable to hydrolysis by the canonical glycoside hydrolases 
(amylases). In contrast, amylose is considered a resistant starch 
that is digested more slowly by amylases. Recent work has shown 
that AA13 PMOs are remarkably more active on amylose than on 
amylopectin [10]. Unlike other PMOs, AA13 PMOs use a shallow 
surface groove to bind amylose double helices. The active site of 
AA13 PMOs is modulated by residues in this groove including a 
flexible loop that could interfere with the distal coordination site 
(Fig. 1B). In addition, due to the effect of radiation damage during 
data collection, possibly both equatorial and distal ligands are 
lacking and the structure of AA13 PMOs in the Cu(II) oxidation 
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Introduction 

Oxygen activation at the copper active site of polysaccharide monooxygenases 

(PMOs) have gained significant attention in the past decade (Fig. 1) [1-9]. This active site 

is located on a solvent-exposed protein surface (Fig. 1A) in which the copper centre is 

coordinated by two absolute conserved histidine residues forming a histidine brace on the 

equatorial coordination plane (Figs. 1B and 1C). The distal site is occupied by a tyrosine 

residue in some PMO families or by a hydrophobic residue in other PMO families. It is 

responsible for selective hydroxylation of one of the two C-H bonds of the glycosidic 

linkage in polysaccharides (Fig. 1D). This hydroxylation is followed by an elimination step 

leading to the cleavage of the glycosidic linkage. PMOs can work in an endo fashion by 

creating new chain ends that are accessible by canonical glycoside hydrolases. PMOs can 

thus significantly boost the activity of glycoside hydrolases in degrading recalcitrant 

polysaccharides.  

 

Fig. 1. Structure and reaction of AA13 PMOs. A: Overall structure of AA13 PMOs with 

highlighted substrate binding groove and copper active site. B: The copper active site. C: 

The histidine brace motif. D: Hydroxylation of the C1 position leading glycosidic linkage 

cleavage. 

(A) (B) (C)

(D)

Fig. 1. Structure and reaction of AA13 PMOs. (A) Overall structure 
of AA13 PMOs with highlighted substrate binding groove and copper 
active site; (B) The copper active site; (C) The histidine brace motif; (D) 
Hydroxylation of the C1 position leading glycosidic linkage cleavage.
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state remains unclear. In this work, we utilized DFT calculations 
to investigate the active site structure and the influence of the 
flexible loop on the inner-coordination sphere of Cu(II)-AA13.

2. Methods
The input structures for AA9 and AA13 PMOs were obtained 

from the PDB files 5TKI [11] (Fig. 2A) and 4OPB [12] (Fig. 2B), 
respectively. Residues surrounding the copper centre, which are 
conserved throughout each family, were taken into account. Water 
molecules were added to the equatorial (Oeq) and distal (Odis) 
coordination sites of AA13 PMO to create the input structure. 
Geometries of the species were optimized with the Gaussian 09 
package [13] using the B3LYP functional at 6-31g(d) basis set [14] 
as previously described for PMOs [15, 16]. The solvation model 
was the dielectric polarized continuum model (D-PCM).
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Fig. 2. (A) Starting structures for AA9 (5TKI) and (B) AA13 (PDB ID 4OPB). 

Asterisks denote frozen atoms during the DFT optimization procedure. The copper centres 

are shown as orange spheres.  

Results and discussion 

Effect of permittivity on the DFT calculation results 

We initially carried out DFT calculation for the copper active site in NCU01050, a PMO 

belonging to the AA9 family. This PMO has a very high-resolution structure obtained with 

both X-ray and neutron diffraction (Fig. 3A). When DFT calculations were carried out in 

vacuum, the optimized structure deviated significantly from the crystal structure (Table 1 

and Fig. 3B). The Cu-OTyr decreased from 2.683 to 2.360 Å, while the Cu-Odis distance 

increased from 2.430 to 2.980 Å. The � N�-Cu-N� angle decreased from 178.0� to 164.5� 

resulting in the distortion of the equatorial plane (Fig. 3A). These three calculated metrics 

approach experimental values when the calculations were performed in a medium with 

higher permittivity (diethyl ether, �=4.33) (Fig. 3C). When carried out in water (�=80.1), 

these three calculated metrics matched experimental values. This result indicates that the 

medium polarization has strong effect on the DFT calculations of the copper active site in 

PMOs.  

(A)

(A)

(B)

Fig. 2. (A) Starting structures for AA9 (5TKI) and (B) AA13 (PDB 
ID 4OPB). Asterisks denote frozen atoms during the DFT optimization 
procedure. The copper centres are shown as orange spheres.

3. Results and discussion
3.1. Effect of permittivity on the DFT calculation results

We initially carried out DFT calculation for the copper active 
site in NCU01050, a PMO belonging to the AA9 family. This 
PMO has a very high-resolution structure obtained with both 
X-ray and neutron diffraction (Fig. 3A). When DFT calculations 
were carried out in vacuum, the optimized structure deviated 
significantly from the crystal structure (Table 1 and Fig. 3B). 
The Cu-OTyr decreased from 2.683 to 2.360 Å, while the Cu-Odis 
distance increased from 2.430 to 2.980 Å. The ∠Nɛ-Cu-Nδ angle 
decreased from 178.0o to 164.5o resulting in the distortion of the 
equatorial plane (Fig. 3A). These three calculated metrics approach 
experimental values when the calculations were performed in a 
medium with higher permittivity (diethyl ether, ɛ=4.33) (Fig. 3C). 
When carried out in water (ɛ=80.1), these three calculated metrics 

matched experimental values. This result indicates that the 
medium polarization has strong effect on the DFT calculations of 
the copper active site in PMOs. 
Table 1. The effect of the medium permittivity on DFT calculation 
results of the copper active site in Cu(II)-AA9 (all distances reported 
in Å).

NCU01050 Cu-Nδ Cu-Nε Cu-Nam Cu-OTyr Cu-Oeq Cu-Odis ∠Nε-Cu-Nδ (
o)

XRD, 5TKI 1.979 1.974 2.062 2.683 1.981 2.430 178.0

Vacuum, ε=1 1.932 1.923 2.028 2.360 2.074 2.980 164.5

Diethyl ether, 
ε=4.33 1.924 1.922 2.029 2.569 2.070 2.542 172.5

Water, ε=80.1 1.923 1.929 2.031 2.710 2.064 2.422 177.0

3.2. Optimised structures of Cu(II)-AA13 

We added two water molecules to the equatorial and distal 
coordination sites of AA13 to create two input models for Cu(II)-
AA13: Model 1 without G89 backbone (Fig. 4A) and Model 2 
with G89 backbone (Fig. 4B).  DFT optimization was then carried 
out for these models in vacuum, diethyl ether, and water.  
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Fig. 4. DFT optimized geometries of the copper active site in AA13. A: Without G89 

backbone. B: With G89 backbone. C: Close-up view of the inner sphere of Opt2_5_aq. Oeq 

and Odis represent the aqueous ligands added to the equatorial and distal coordination sites 

in the input structures.  

In the absence of the G89 backbone, DFT optimization resulted in a 5-coordinate 

copper species in vacuum (Opt1_5_vc), and a 6-coordinate copper species in both diethyl 

ether (Opt1_6_et) and water (Opt1_6_aq) (Table 2). These results indicate that the medium 

with higher permittivity better stabilizes the distal axial aqueous ligand in AA13 as also 

observed in the calculations with Cu(II)-AA9 presented above. 

Table 2. Structural parameters obtained from DFT optimizations for Cu(II)-AA13 

(all distances reported in Å). 

  Cu-N� Cu-N� Cu-Na Cu-OTyr Cu-Oeq Cu-Odis 
� N�-Cu-N� 

(�) 

(A)

(B)

(C)

Fig. 4. DFT optimized geometries of the copper active site in AA13. (A) 
Without G89 backbone; (B) With G89 backbone; (C) Close-up view of the 
inner sphere of Opt2_5_aq. Oeq and Odis represent the aqueous ligands 
added to the equatorial and distal coordination sites in the input structures. 

In the absence of the G89 backbone, DFT optimization resulted 
in a 5-coordinate copper species in vacuum (Opt1_5_vc), and a 
6-coordinate copper species in both diethyl ether (Opt1_6_et) 
and water (Opt1_6_aq) (Table 2). These results indicate that the 
medium with higher permittivity better stabilizes the distal axial 
aqueous ligand in AA13 as also observed in the calculations with 
Cu(II)-AA9 presented above.
Table 2. Structural parameters obtained from DFT optimizations for 
Cu(II)-AA13 (all distances reported in Å).

Cu-Nδ Cu-Nε Cu-Nam Cu-OTyr Cu-Oeq Cu-Odis ∠Nε-Cu-Nδ (
o)

Opt1_5_vc 1.959 1.972 2.072 2.358 2.068 155.9

Opt1_6_et 1.941 1.959 2.069 2.823 2.128 2.368 170.8

Opt1_6_aq 1.941 1.958 2.072 2.972 2.137 2.302 173.2

Opt2_5_vc 1.955 1.970 2.080 2.349 2.067  156.2

Opt2_5_et 1.953 1.974 2.081 2.404 2.048  156.1

Opt2_5_aq 1.951 1.979 2.077 2.425 2.029  157.1
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Fig. 3. The coordination structure of the copper active site in an AA9 PMO. A: The 

crystal structure of AA9 PMO (5TKI). B-D: DFT structures of AA9 PMO obtained in 

vacuum, diethyl ether, and water, respectively, overlaid on the crystal structure.  
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Vacuum, �=1 1.932 1.923 2.028 2.360 2.074 2.980 164.5 

Diethyl ether, 

�=4.33 
1.924 1.922 2.029 2.569 2.070 2.542 172.5 

Water, �=80.1 1.923 1.929 2.031 2.710 2.064 2.422 177.0 

Optimised structures of Cu(II)-AA13  

We added two water molecules to the equatorial and distal coordination sites of 

AA13 to create two input models for Cu(II)-AA13: Model 1 without G89 backbone (Fig. 

4A) and Model 2 with G89 backbone (Fig. 4B).  DFT optimization was then carried out 

for these models in vacuum, diethyl ether, and water.   

(A) (B) (C) (D)

Fig. 3. The coordination structure of the copper active site in an 
AA9 PMO. (A) The crystal structure of AA9 PMO (5TKI). (B-D) DFT 
structures of AA9 PMO obtained in vacuum, diethyl ether, and water, 
respectively, overlaid on the crystal structure. 
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In the presence of the G89 backbone, geometry optimization 
resulted in a 5-coordinate species in all three media investigated, 
where the distal aqueous ligand was forced out of the binding 
position. Consequently, the copper centre moved toward the 
proximal OTyr ligand resulting in a bent histidine brace (Figs. 4B 
and 4C). The structural parameters of all 5-coordinate species 
(Opt1_5_vc, Opt2_6_vc, Opt2_5_et, and Opt2_5_aq) are very 
similar to one another (Table 2). 

3.3. Energy difference between 5-coordinate and 
6-coordinate copper(II) species in AA13

In vacuum, the optimization of Model1 converged to a 
5-coordinate species after a long “lagging” period of about 
30 steps (step 20-50) (Fig. 5) in which the copper centre was 
6-coordinate. In diethyl ether and water, our calculations stopped 
at 6-coordinate species and did not optimize any further. We 
thus took a 5-coordinate intermediate species at step 75 of the 
optimization in vacuum and further optimized it using the same 
functional and basis set in diethyl ether and water and obtained 
two optimized structures, namely, Opt1_5_et and Opt1_6_aq, 
respectively. This allowed us to compare single point energies 
of 5-coordinate and 6-coordinate species (Table 3). The energy 
difference between the 5-coordinate species and 6-coordinate 
species decreases as the dielectric constant of the medium 
increases. Nevertheless, the energy difference between the 5- and 
6-coordinate species in water is significantly large (~-2.9 kcal/
mol). This result indicates that 5-cooridnate species is likely 
preferred by Cu(II)-AA13 PMOs.
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Fig. 5. DFT optimization process of Model 1 in vacuum. 

Table 3. Energy difference between 5- and 6-coordinate species obtained with single 

point energy calculation. 

Medium  
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Table 3. Energy difference between 5- and 6-coordinate species 
obtained with single point energy calculation.

Medium ε 5-coordinate 
(Hartree)

6-coordinate 
(Hartree)

Energy 
difference 
(Hartree)

Energy 
difference 
(kcal/mol)

Vacuum* 1 -3612.65626130 -3612.64819820 -0.00806310 -5.06

Diethyl 
ether ~4.33 -3612.80146385 -3612.79488220 -0.00658156 -4.13

Water ~80.1 -3612.84860538 -3612.84397050 -0.00463488 -2.91

*6-coordinate species in vacuum was taken at the optimization step 50.

3.4. Optimized structure of a key intermediate of AA13 PMOs

One of the first key intermediates of the PMO reaction is the 
O2-adduct, namely, a Cu(II)-superoxo intermediate. We carried 
out DFT calculations for Cu(II)-AA13-superoxo in the presence 
of G89 and absence of Odis. Both singlet and triplet spin states 
were investigated. The optimized structures of these two states 
overlay well with one another (Fig. 6). The optimized structural 
parameters are presented in Table 4. These parameters are similar 
to one another although Cu-OTyr and ∠Nε-Cu-Nδ change slightly 
as observed for Cu(II)-AA9. Single point energy was also 
calculated for Cu(II)-AA13-superoxo (Table 5). The triplet state 
is remarkably more stable than the singlet state (-19 kcal/mol), 
which is consistent with the literature [15, 16]. 
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Fig. 6. Overlaid optimized structures of Cu(II)-AA13-superoxo 
intermediate in singlet (carbon atoms shown as white sticks) and 
triplet (carbon atoms shown as yellow sticks) spin states.

Table 4. Structural parameters obtained from DFT optimizations for 
Cu(II)-AA13-superoxo (all distances reported in Å).

Cu-Nδ Cu-Nε Cu-Na Cu-OTyr Cu-O1oo Cu-O2oo ∠Nε-Cu-Nδ (
o)

OptO2_S_vc 1.941 1.957 2.137 2.442 1.892 2.762 163.6

OptO2_S_ et 1.93 1.955 2.126 2.487 1.888 2.760 166.8

OptO2_S_aq 1.927 1.959 2.114 2.509 1.886 2.768 167.5

OptO2_T_vc 1.967 1.977 2.134 2.378 1.981 2.913 158.7

OptO2_T_et 1.957 1.974 2.128 2.413 1.987 2.915 161.7

OptO2_T_aq 1.954 1.978 2.119 2.423 1.990 2.917 162.2

Table 5. Energy difference between triplet and singlet states of Cu(II)-
AA13-superoxo obtained with single point energy calculation.

Medium ε Singlet 
(Hartree)

Triplet 
(Hartree)

Energy 
difference 
(Hartree)

Energy 
difference 
(kcal/mol)

Vacuum 1 -3690.1971719 -3690.2276186 -0.0304467 -19.11

Diethyl 
ether ~4.33 -3690.2462955 -3690.2766351 -0.0303396 -19.04

Water ~80.1 -3690.2652720 -3690.2957090 -0.0304370 -19.10

3.5. Implication in the evolution of PMOs 

The structures of Cu(II)-AA13 and Cu(II)-AA13-superoxo 
correlate well with the phylogenetic relationship of AA13 with 
AA10 and AA9 PMOs, which are the two most abundant and well 
characterized PMO families. Phylogenetic analysis showed that the 
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AA13 clade is placed between the AA9 and AA10 clades (Fig. 7) 
[17]. Cu(II)-AA9 has an elongated octahedral copper centre, while 
Cu(II)-AA10 has a trigonal bipyramidal copper centre (Fig. 7A) [17]. 
The copper centre in Cu(II)-AA13 exhibit both 5- and 6-coordinate 
features, in which the 5-coordinate structure is preferred. This 
5-coordinate structure is halfway between those in AA9 and AA10. 

In addition, the O2 moiety in the Cu(II)-AA9-O2 intermediate 
binds in an end-on mode with the terminal O atom pointing down the 
distal space forming H-bonds with a water molecule and two outer 
sphere residues (PDB ID 5TKH) (Fig. 7B) [11]. On the other hand, the 
O2 moiety of the Cu(II)-AA10-O2 intermediate binds in a bidentate 
mode with the terminal O atom oriented toward the proximal space 
(PDB ID 5VG0) [18]. The O2 moiety of Cu(II)-AA13-O2 binds in 
an end-on mode, but, unlike in AA9, the terminal O atom is oriented 
toward the proximal space. This binding configuration is also halfway 
between the superoxo intermediate in AA9 and AA10 PMOs. These 
results show that as the PMO family evolved, the active site structure 
and key reaction intermediates also gradually changed. 
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Fig. 7. The relationship between the copper active sites in PMO 
families. (A) The phylogenetic tree of structurally characterized PMOs. 
The active site core structures are shown for AA9, AA10, and AA13 
PMOs; (B) Comparison of the structure of the dioxygen intermediate 
of AA13 (derived with DFT) with the crystal structures of those in AA9 
(5TKH) and AA10 (5VG0).

4. Conclusions
The copper(II) active site of AA13 PMOs and their superoxo 

intermediates were optimized for the first time. The preferred 
structure of Cu(II)-AA13 is a distorted 5-coordinate species. This 
structure is halfway between those of the most abundant and well 
characterized AA9 and AA10 PMO families. Likewise, the structure 
of the superoxo intermediate is also halfway between that of an end-
on intermediate in AA9 PMOs and a side-on intermediate in AA10 
PMOs. The structural features of AA13 are consistent with their 
evolutional relationship with AA9 and AA10 PMOs. 
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1. Introduction 
The radioactive decay of uranium and thorium chains and their 

progenies are widely distributed on Earth's surface and exist in 
all soil, rock, and mineral types at different concentrations. These 
radioisotopes affect living organisms. Once released into the 
environment, radioisotopes can enter the body through food, water, 
and air. In particular, radon exists in the form of a noble gas, so 
its dispensability into the environments could be on a wider scale 
than once thought. According to research from scientists around 
the world, radon is one of the leading carcinogens causing lung 
cancer [1-4]. Approximately 59% of the annual effective radiation 
dose that people receive is derived from radon. In the air, at least 
70% of radon is released from the soil [5-8].

Radon migrates to the soil surface by different mechanisms 
and then emanates into the atmosphere [9]. The diffusion of radon 
in soil is a complex process. This process depends on many factors 
such as physical, chemical, geological, climate, and uranium 
content in the soil.

Measurement of the emission of radon from soil into the air has 
been used to assess the risk of radon exposure to the population. 
Further, the distribution of radon concentrations in soil has been 
successfully used in predicting Earth's kinetic phenomena such as 
earthquakes, karst caves, geological faults, and eruptions [10, 11].

The aim of this study is to investigate the dispersion of radon 
concentrations within geological objects into the environment in 
the Bat Xat district, Lao Cai province of Vietnam.

The Bat Xat district is delimited by the coordinates 
22o51’÷22o55’ N latitude and 103o68’÷103o74’ E longitude. It is a 
complex terrain area as the central part contains low mountainous 
terrain surrounded by two sides of high mountains that are strongly 
dissected. The elevation change from 500-2,000 m creates 
many walls that are separated by river systems. The population 
distribution in the area is uneven. Most residents are concentrated 
in Muong Hum, including the Kinh and Day ethnic groups. Most 
of the Dao and H'mong converge into scattered villages in the high 
part of the terrain in the area and a few Dao people live in the low 
and fairly flat valley of Pieng Lao. In Sin Chai village, the Ha Nhi 
live right on the ore bodies of the radioactive Muong Hum rare 
earth mine and their houses resemble cottages with only one door; 
thus, homes are not ventilated and the accumulation of radon gas 
remains a threat to local residents [12].

2. Materials and methods 
2.1. Geological characteristics of the study area

According to the survey results of the Geological Division for 
Radioactive and Rare Elements [12, 13], the geological features of 
the study area include the following formations: 1) Suoi Chieng 
(PPsc1), for which the main components are two-mica-granite 
shale, quartz-feldspar-mica schist, and thin layers of quartzite; 2) 
Sin Quyen (PP-MPsq), which contains metamorphic sedimentary 
formations, and the main components of biotite schist, mica 
schist, amphibolite, and quartzite; 3) Cha Pa Formation (NPcp), 
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which is distributed in a small area in the southeast corner of the 
study area. The main components of the NPsp are quartz-sericite 
schist and marble; 4) Ban Nguon formation (D1bn) for which 
the main lithological compositions are shale, sericite, carbonate 
shale, quartzite, calcareous sandstone, occasionally scapolite, 
cordierite, and biotite horn; 5) Ban Pap formation (D1-2bp) with 
a petrographic composition including a thin layer of limestone, 
clay limestone, dark gray limestone, fine to medium grain, rock 
with block structure or thin layers, silicate limestone, silicic shale, 
and in some places alternating layers of quartz - sericite - chlorite 
schist; and 6) the quaternary formation (Q) in which the main 
compositions are sand, gravel, and clay (Fig. 1) [12, 13].
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Fig. 1. Geological characteristics of the study area.

In the study area, there are copper and rare earth minerals that 
contain radioactive substances like uranium and thorium at high 
levels. The Muong Hum rare earth mine contains highly radioactive 
substances with uranium content ranging from 0.005 to 0.265% 
U3O8 and thorium content ranging from 0.106 to 0.188% ThO2. 
The exploration and reserve assessment has been completed and 
will be exploited and processed in the near future [13]. The process 
of exploiting and processing radioactive minerals, excavating ores, 
exploiting land, collecting ore, crushing, and enriching strongly 
dispersing radioactive elements into the surrounding environment. 
There is a concentration of radioactive radon gas that affects the 
health of people living in rare earth mines and surrounding areas.  

Therefore, in this study, an investigation of the diffusion of 
radon within the soil depth of different geological formations was 
conducted. The survey was carried out at 8 different locations in 
the Bat Xat district of Lao Cai province. These sites were chosen 
because they are typical geological formations in the region and 
where residents and farming land with food crops reside. The 
marks of 4 locations on the map in Fig. 1 (blue colour points) are 
described in Table 1. 

Table 1. Survey locations of radon diffusion in soil.

No. Geological object Location Symbol X Y

1 Suoi Chieng formation 
(PPsc1)

Muong Hum SC.1 103o70'76'' 22o54'19''

2 Muong Hum SC.2 103o70'39'' 22o54'20''

3 Sin Quyen formation 
(PP-MPsq)

Nam Pung SQ.1 103o71'27'' 22o53'10''

4 Nam Pung SQ.2 103o71'52'' 22o52'65''

5 Ban Nguon formation 
(D1bn)

Den Sang BN.1 103o71'11'' 22o51'10''

6 Den Sang BN.2 103o71'01'' 22o51'33''

7 Quaternary formation 
(Q)

Sang Ma Sao DT.1 103o71'54'' 22o53'70''

8 Sang Ma Sao DT.2 103o71'34'' 22o53'64'

2.2. Methods
Determination of radon distribution in soil: The radon 

concentration was determined at each location using punching 
equipment at depths ranging from 30 cm to 120 cm. Measurements 
were carried out in the field using the dedicated radon measuring 
system RAD-7 shown in Fig. 2. The device consists of a 
hemispherical chamber for air coated with a conductive layer. A 
silicon semiconductor detector was installed at the centre of the 
chamber. The measuring system consists of a gas pump that was 
connected to a gas receiver made with holes that allow gas to be 
taken in from underground. At the beginning of the measurement, 
the gas pump takes the gas containing radon at the position where 
the gas receiver is inserted into the RAD-7 chamber. Decaying 
radon produces the radionuclides 218Po and 214Po inside the 
chamber. Under an electric field, 218Po and 214Po are led to the 
detector in the centre of the hemisphere. Then, the RAD-7 converts 
the alpha energy imparted from these radionuclides into electrical 
signals [14-16]. The time taken for each measurement was 30 min.
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Fig. 2. A schematic layout of the installation used for radon 
distribution within soil depth.

In order to obtain the radon concentration as a function of 
soil depths, the diffusion of radon in soil was assumed to obey an 
exponential law as follows [5, 7]: 

6 
 

made with holes that allow gas to be taken in from underground. At the 

beginning of the measurement, the gas pump takes the gas containing radon at 

the position where the gas receiver is inserted into the RAD-7 chamber. 

Decaying radon produces the radionuclides 218Po and 214Po inside the chamber. 

Under an electric field, 218Po and 214Po are led to the detector in the centre of 

the hemisphere. Then, the RAD-7 converts the alpha energy imparted from 

these radionuclides into electrical signals [14-16]. The time taken for each 

measurement was 30 min. 

 

Fig. 2. A schematic layout of the installation used for radon distribution 

within soil depth. 

In order to obtain the radon concentration as a function of soil depths, the 

diffusion of radon in soil was assumed to obey an exponential law as follows 

[5, 7]:  

𝐷𝐷 𝑑𝑑2𝐶𝐶(𝑧𝑧)
𝑑𝑑2𝑧𝑧 − 𝐶𝐶(𝑧𝑧) + 𝐶𝐶∞ = 0              

(1) 

where C(z)(Bq.m-3) is the radon concentration in soil pores at depth z (cm); 

C(Bq.m-3) is the radon concentration at infinite soil depth; D is the radon 

diffusion coefficient in soil (m2.s-1); derivativeand λ is the decay constant of 

radon (s-1). 

 (1)

where C(z)(Bq.m-3) is the radon concentration in soil pores at 
depth z (cm); C∞(Bq.m-3) is the radon concentration at infinite soil 
depth; D is the radon diffusion coefficient in soil (m2.s-1); λ is the 
decay constant of radon (s-1).
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The solution of Eq.(1) is
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The solution of Eq.(1) is 

𝐶𝐶(𝑧𝑧) = 𝐶𝐶∞ + 𝐵𝐵𝑒𝑒−√
𝐷𝐷𝑧𝑧 + 𝐴𝐴𝑒𝑒√

𝐷𝐷𝑧𝑧             (2) 
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in which w (%) is the moisture content of the sample; mw(g) is the 
wet weight of the soil sample; md (g) is the dry weight of the soil 
sample; and V (cm3) is the volume of the soil sample.

Soil particle size, moisture content, and soil density were 
determined at the laboratory of the Soil and Fertilizers Research 
Institute. Soil particle size directly influences radon emission and 
radon distribution in soil. If uranium is evenly distributed within 
the spaces in between soil grains, then the particle size is smaller 
and the radon emission is higher and vice versa [10]. However, 
when the soil particle size is greater than 0.1 mm, the emission is 
low and nearly equivalent to other particle sizes [10].

In this study, we use the following QA/QC procedures: 
sampling (sampling location, date), sample transportation (keeping 
sample storage and storage requirements), handling and laboratory 
sample preparation, analysis, control and calibration of analytical 
instruments, and sample control analysis.
3. Results and discussion

The profile of radon concentrations by soil depth is presented 
in Table 2 and depicted in Figs. 3 and 4. For each geological 
formation (object), the profile was experimentally determined at 
two points.

Table 2. Radon concentrations within soil depth.

Radon concentrations (Bq.m-3)

Depth 
(cm)

Suoi Chieng 
formation

Sin Quyen 
formation

Ban Nguon 
formation

Quaternary 
formation

SC.1 SC.2 SQ.1 SQ.2 BN.1 BN.2 DT.1 DT.2

20 259 313 498 641 399 433 367 531
40 726 802 1201 986 969 1151 1094 1301
60 1078 1139 1648 1256 1432 1636 1694 1895
80 1344 1372 1931 1468 1808 1964 2190 2353
100 1545 1533 2111 1634 2115 2185 2600 2706
120 1696 1644 2225 1764 2365 2334 2939 2979
140 1810 1721 2297 1865 2568 2436 3219 3189

With the results of Table 2, the diffusion expressions (Eq. 4) 
with C∞, B, and L parameters for different geological formations 
are derived and presented in Table 3. In Table 3, the soil density 
and soil moisture in each formation are also presented.
Table 3. Diffusive equation constants of radon for different 
geological formations in Bat Xat along with soil density and 
moisture of the formation.

No. Geological object Diffusive equation Diffusive 
length, L (cm)

Soil density, 
ρ (g.cm-3)

Soil moisture,
 w (%)

1 Suoi Chieng 
formation (PPPPsc1)

C(z)=2,161-2,521e-z/71 71 2.64 15.9
2 C(z)=1,892-2,287e-z/54 54 2.66 15.1
3 Sin Quyen 

formation (PP-
MPsq)

C(z)=2,423-3,132e-z/44 44 2.54 17.8

4 C(z)=2,134-2,032e-z/82 82 2.61 16.9

5 Ban Nguon 
formation (D1bn)

C(z)=3,454-3,754e-z/97 97 2.08 10.1
6 C(z)=2,546-3,376e-z/51 51 2.11 12.5
7 Quaternary 

formation (Q)
C(z)=4,554-5,065e-z/98 105 1.49 11.7

8 C(z)=3,897-4,364e-z/77 77 1.54 10.1

As seen in Table 2, the diffusion length of radon in the soil at the 
survey locations ranged from 44 cm to 105 cm and averaged 72.4 cm. 
This result was in good agreement with those found for soils in Japan 
and Iran [7, 8].

The radon diffusion length of a maximum of 98 cm in soil of 
the study area implies that the amount of harmful radon emission 
into the air near the local population could mainly originate from 
depths less than 100 cm. Radon concentrations at the depth of 100 
cm ranged from 591 Bq.m-3 to 3,219 Bq.m-3. The International 
Atomic Energy Agency (IAEA) has recommended that the radon 
concentration in soil could affect human health with a high risk if it 
exceeds 30,000 Bq.m-3 [17]. The results of this study show that in the 
survey locations, radon emissions are within the permissible limit.

The concentration distribution by depth fits an exponential law as 
the correlation value R2 ranged from 0.87 to 0.97 (Figs. 3 and 4). 
The discrepancy between experimental data and theoretical calculation 
is due to the fact that almost all surveyed sites were influenced by 
human activities and the soil was no longer primitive. Soil samples 
from the Ban Nguon and quaternary formations had a higher 
concentration of radon compared to those in soil samples from the Suoi 
Chieng and Sin Quyen formations. The reason for this is that the soil 
from the Ban Nguon and quaternary formations was weathered from 
rocks containing a high content of uranium. Results of this study also 
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show that radon in the soil from the study area has a small diffusion 
length. This means that the diffusion capacity of radon into the air is 
low such that the concentration of radon in the soil is high. In addition, 
the distribution of radon concentration in the soil is highly dependent 
on the distribution of uranium content in the soil particles [10].

The dependence of the diffusion length on soil density and soil 
moisture are shown in Table 2. Results in Table 2 show that the 
diffusion length of radon in soil is inversely proportional to the density 
and moisture content of the soil (R2<0.5) due to high soil density and 
moisture hinders the diffusion of radon (Figs. 5A and 5B). These 
preliminary findings could be explained by the fact that the high 
density and moisture of the soil hinder the diffusion of radon molecules. 
However, the diffusion of radon in soil also depends on several other 
factors such as soil composition, temperature, weather, etc., which need 
to be further investigated in the future.
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Fig. 5. The dependence of radon diffusion lengths on the (A) 
density and (B) moisture in the soil.

4. Conclusions
The distribution of radon concentration by depth in the surveyed 

soil samples obeyed the exponential law with values of correlation 
coefficient R2 ranging from 0.87 to 0.97. This shows that the survey 
sites have no risk of geological variation. The diffusion length of radon 
in clay is quite small compared to sandy soils and soils containing a 
lot of gravel. This is because clay samples have a relatively large soil 
density and water content. 

The study results also show that the density and moisture content 
of the soil is inversely proportional to the diffusion distance of radon 
in the soil.

The radon concentration in the surveyed soil samples is within 
safe limits set by IAEA. The diffusion length of radon in the soil 
samples from the study area are smaller than that from other parts of 
the world. The radon diffusion length is greater for soil samples with 
low density and moisture content. Different soil samples have radon 
concentrations and diffusion lengths that depend on the origin of the 
formation, its composition, soil structure, temperature, humidity, and 
weather, etc.  
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1. Introduction
Industry 4.0 is an inevitable trend that is changing 

the way people live and work. This revolution brings 
opportunities and challenges to development in every 
country around the world. The manufacturing industry is a 
major part of the economy where people are increasingly 
resorting to mechanization and automation. Industry 4.0 
is shaping smart factories based on smart manufacturing 
systems with highly flexible automation (autonomous 
systems) where machines, operators, and other resources 
can communicate together to create products in smarter and 
more organic ways. In a smart factory, a software-controlled 
system monitors physical processing and replicates the 
physical environment by creating a virtual replication. 
Based on the self-organization mechanism, the software-
controlled system will make decentralized decisions for 
production processes. Next, Industry 4.0 will not only focus 
on individual factories, but also include the integration of 
many production facilities, service systems, and supply 
chains to achieve value-added networks. 
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Industry 4.0 refers to a comprehensive cyberspace physical 
integration of corporate operations using the internet (industry) 
and everything integrated with operational technology (OT) and 
business systems (IT). This revolution will allow ecosystems that 
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link vendors, partners, distributors, and users in a robust value 
chain driven by simultaneous advances in cloud computing, 
communication infrastructure, and advanced technologies that help 
narrow the digital world (Fig. 1). However, technology at the edge 
of the network (where data is generated) is becoming increasingly 
important to ensure the integrity and value of information across 
the system. They need to be designed at a systemic scale with 
many technological challenges. This technology itself is not 
enough, but it is necessary to realize the vision of Industry 4.0 
with innovative approaches, technical models, and deep expertise. 
The old convention "who does what" in the industrial ecosystem 
will be challenged and new partnerships will emerge. In general, 
the basic structure of a smart factory model includes intelligent 
machines and flexible automation systems; robots and smart 
actuators; application of artificial intelligence (AI) technology; all 
connected devices - Internet of things (IoT); and big data.

To this day, the automation strategy model of A. Granlund, 
et al. (2012) [1] is used for the process of integrating traditional 
industrial robots in the production system to increase production 
efficiency and replace operators who perform heavy, repetitive, and 
insecure work [2]. Traditional robots require an isolated robot cell to 
avoid direct human contact and are limited to a fixed position with 
a preprogramed task [3]. Compared with traditional robots, the new 
generation of intelligent robots, or Cobots, can collaborate with 
people to complete co-tasks [4], thus demonstrating interactions 
between people and robots. The technology also introduces a new 
concept of workplace design where a human-robot collaborative 
work cell can be described as a co-working and coordinated 
workspace encompassing Cobots performing tasks to suit the 
operator. Communication between Cobots and humans must be 
accomplished to fulfil certain requirements (friendliness) [3].

Recent years have witnessed an explosive expansion of the 
global robotics market, bringing in significant progress and 
maturity in robot technology. The leaders in robotics technology 
around the world include MIT Institute of Computer Science 
and Artificial Intelligence; Stanford AI Laboratory; the Robotics 
Institute of Carnegie Mellon University (CMU); Georgia Institute 
of Technology's Human-Computer Interaction Research Facility; 
Waseda University's Human-Robot Research Institute; The 
University of Tsukuba Smart Robotics; The Robotics Center and 
Mechatronics Center (DLR), and the German Aerospace Institute, 
etc. These institutes have been contributing to the research and 
development of intelligent robots, creating a treasure trove of 
human intelligence about robots. At the same time, there are 
many well-known robot companies including ABB (Switzerland), 
KUKA (Germany), Yaskawa Electrics and FANUC (Japan), 
Northrop Grumman, iRobot, Visual Surgical Robot (USA), 
ABP (UK), Saab Seaeye Underwater Robot, Reis Robot Group 
(Germany), Pesco (Canada) and Aldebaran (France), which have 
formed many pilot industries in their respective countries or 
regions, and have made remarkable contributions to the application 
and marketization of robots. In addition, several large businesses 
have held robotics competitions to accumulate solutions to 

industry-specific or robot-related problems with well-known titles 
include the Amazon Item Pick Challenge with Edge Logistics [5], 
the Unmanned Driving Urban Challenge [6], the DARPA Robot 
Challenge [7], the NASA Return Robot Challenge [8], etc. These 
robot events have wide attention around the world and encourage 
effectively promoted robot technology, but also provided a good 
opportunity to conceptualize and build a large playing field that 
helps enhance communication between robot development teams 
and applications. Many research institutes and robotics companies 
have made emerging breakthroughs in many related fields such 
as dual-arm collaborative robots, AGV intelligent logistics 
technology, unmanned driving technology, medical operation and 
rehabilitation robots, intelligent service robots, and dedicated robots.

Cobots, with the ability to work collaboratively with people, 
are typical representatives of the next generation of intelligent 
industrial robotics. Fig. 2 shows some famous collaborative 
robots. The intelligent collaborative delivery robot of the Rethink 
Company (USA) can either complete work independently on the 
work floor or cooperate with workers to control, pack, and process 
materials. This Cobot uses infrared sensors to detect approaching 
objects and cleverly avoid collisions [9]. In 2015, the ABB 
Company developed a dual-arm structured Yumi robot integrated 
with vision technology, instructional programming, precision servo 
control, and collision avoidance mechanism. These technologies 
help the robot complete smart assembly operations based on 
visual guides and force control and responds to demand from the 
consumer electronics industry for both flexible and traditional 
manufacturing [10].
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Likewise, there are many other robots, including the UR 
series from Universal Robots; CR-35iA from FANUC (with a 
maximum payload of 35 kg); and the LBRiiwa and Automatic 
Pickup (AIP) technology from KUKA and Swisslog. In the field 
of medical surgery, intelligent robots can guarantee lower blood 
loss, higher resilience, more accuracy and agility; and possess 
great commercial potential. In 1985, the Puma 560, which was 
the first robot used in surgery, participated in a brain biopsy by 
providing brain locator services. In 1997, AESOP performed the 
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first laparoscopic surgery. The first version of the da Vinci surgical 
robot was born in 1999 (Fig. 3). Currently, there are nearly 4000 
fourth generation da Vinci robots in the world. This robotic product 
has performed over 4 million surgeries and is known to be the most 
successful medical surgical robot in the world to date [11].
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The Miro robot developed by the DLR Company (Germany) 
for cosmetic and orthopaedic surgery has a weight of only 10 kg 
[12]. The ViRob, a microrobot for automatic information collection 
from the medical company Microbot (Israel), appearing in 2015, 
can be controlled remotely via electromagnetic waves. This robot 
can provide cameras, drugs, or devices to narrow and twisted areas 
of the human body such as the blood vessels and the spinal canal, 
thus assisting doctors in minimally invasive surgeries. In 2003, a 
robot was designed to aid brain surgery, and its fifth generation has 
been introduced into clinical practice [13]. In 2013, the "Minimal 
Invasive Laparoscopic Surgical Robot System" was successfully 
built by the Robot Institute of Harbin Institute of Technology. This 
robot achieved emerging breakthroughs in technologies including 
master-slave control algorithm, machine design, and 3D peritonitis 
[14]. There are many other medical robots around the world, for 
example, the SpineAssist of Mazor Robotics (Israel) is used 
to regenerate and heal the spine. Carnegie Mellon University's 
master-slave CardioArm S-shaped robot consists of more than 
100 joints and can be applied for minimally invasive heart disease 
surgeries. Rosa Brain and Rosa Spine robots of Medtech (France) 
are used as surgical support platforms. Most of these robots take 
the form of a single-arm structure or a combination of two arms or 
dual-arm robots.

Despite moment capabilities and advantages in certain 
circumstances, single-arm robotic systems have limited 
manipulations of dexterity, approach, and lifting capabilities. 
Continued advances in dual-arm robot technology offer a 
significant advantage over single-arm applications. With the dual-
arm robot system, skilful and precise manoeuvring is sure, as the 
robot acts as an extension of the operator. A dual-arm robotic 
manipulation system provides the skill to stabilize an object with 
one arm while allowing the other arm to manipulate the object. 
This advance will help robots perform tasks that are particularly 
difficult and time-consuming for single-arm robot systems, such as 
removing bottle caps, unpacking, ruck sacking, and pulling items 
apart. In contrast, a dual-arm robot system can mimic operator 
movements to perform dangerous, complex tasks with human-like 
skills that neutralizes threats from a safe distance.

In the long term, an intelligent robot is a very modern, 
interdisciplinary, and multi-field integrated system capable of 
connecting IoT based on big data, cloud computing, and high-
speed communication networks making them suitable for the 
current digital transformation trend. The process ranging from 
mastering the art of design, integration, manufacturing, and 
development of robot applications to construction in the robotics 
industry is essential to creating a smart manufacturing ecosystem 
and other values (Fig. 4).
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2. Innovative technology related to robotics
Compared to the most important and leading technologies 

involved, at present, intelligent/smart robots have non-complicated 
intelligence and relatively basic functions. They behave hardly in 
circumstances requiring human-robot cooperation under complex 
situations and have difficulty responding to user needs. It is 
needs to go over these technical drawbacks for the next steps. 
First, human-robot collaboration, and R&D on key technologies 
such as multi-modal awareness, environmental modeling, and 
decision-making optimization will be pushed to enhance the 
collaborative relationship between humans and robots. Second, 
robotic technology will be deeply integrated with the IoTs, big 
data, and cloud computing. Similarly, large sharing of data and 
computing resources will be fully utilized, which in turn will 
enhance the ability of intelligent robots to serve. Furthermore, AI 
technology such as emotional interaction, image recognition, deep 
learning, and brain-like intelligence must be deep developed and 
used to build robots capable of intelligent decision-making at a 
high level, ensuring safety and reliability. In addition to the above 
technological drawback, there are several new challenges emerging 
in the way to innovate robot technology: How to effectively utilize 
the industrial chain to conduct R&D cooperation; How to improve 
operation system for robots; and how to find innovative solutions 
to integrate multiple fields smoothly need to be answered. Research 
and innovation on leading technologies are critical to the formation 
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and development of a nation's future emerging industries along 
with data and cloud-based network decision-making mechanisms 
and big data.
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Figure 5 shows two pictures of the SM6 Cobot developed by 
the Mechatronics Department, Institute of Mechanics, Vietnam 
Academy of Science and Technology. In the figure, from left 
to right, is the image of a real robot, then the 3D simulation 
model, respectively. This robot reaches some features in Table 
1 below.

Table 1. Specifications of the SM6 collaborative robot system.

In the next phase, this robot system will be continuously 
developed by extended and deep integration processes with 
innovative technologies aimed to be more intelligent.

2.1. Technology for designing and manufacturing robots

Robot technology is a complex and advanced technology 
involving multiple disciplines and interdisciplinary industries 
including mechanics - electronics, automatic control, sensor 
technology, computer - information technology, new materials, 
biotechnology, and artificial intelligence (increasingly to become 
more integrated and expanded). Robot manufacturing technology 
is “an advanced technology” of the human race, closely related 
to a multi-stage process from theoretical research and technology 
development to technical applications using interdisciplinary 
integrated thinking. The mechanism between "software" and 
"hardware" of the system includes many physical components, 
technologies, and knowledge from many diverse fields. Fig. 4 
shows the backbone process for creating general robots like the 
SM6 robot. Now, it is time to refresh this process for intelligent 
robots for a new robot generation integrated with novel 
technologies.

2.2. The technology of cooperation between humans and robots

Human-robot collaboration plays an unlack role in the next 
generation of intelligent robotics. ISO issued the latest robot 
production standards in 2016 [15]. To realize a coexistence of robots 
and men, human collaboration robots need to be safe, comfortable, 
adaptable, and easy to program. Safety means protecting people 
from dangerous injuries that could result from robots during an 
interaction. Comfortability means that a robot's actions are subject 
to human cognitive habits and thus humans can predict a robot's 
intentions. Adaptation is when robots can be able to understand 
human needs and precisely adapt to human movement and various 
tasks. Easy programming means that people can easily program, 
learn methods of operation, and control robots. Therefore, 
cooperative robots with the four following activities are required:

Safe stop: This operation forces the robot to stop before humans 
enter the robot's workspace. The aim here is to keep people secure 
and prevent exposure to risks or dangers in the workspace.

Manual human guide: This will give humans access to control 
the robot by leading the robot’s moves and operations.

Speed monitoring and separation: This aims to reduce speed 
when people enter the work area (a safety scanner can be used 
[16]). The distance between the robot and person is always 
measured such that the robot either stops, slows down, or backs 
away from a person to maintain safety [17]. The speed of the robot 
will decrease if a person moves close to a robot, and, if they move 
too close, the robot will automatically stop for safety reasons.

Force limitation and force control: A focus on avoiding injury 
and pain that robots can cause to humans. To avoid injury and pain, 
it is necessary to limit the robot's speed as well as force. Therefore, 
the ability to injure humans will decrease [16].

Type Articulated type

Degree of freedom (DOF = number of axes) 06

Max. payload (kg) approximate to 2.5

Positional repeatability (mm) approximate to ±0.1

Motion 
range (°)

Arm rotation 1 (°) -360 to +360

Arm rotation 2 (°) -360 to +360

Arm rotation 3 (°) -150 to +150

Wrist 1 (°) -360 to +360

Wrist 2 (°) -360 to +360

Wrist 3 (°) -720 to +720

Controller

Number of controlled axes 6 to 8

Drive system full digital servo system

Type of 
motion 
control

Manual mode

coordinated movement, 
individual movement, motion 
tracking, [Interpolation mode] 
joint, base, tool

Auto mode

coordinated movement, 
individual movement, motion 
tracking, [Interpolation mode] 
joint, linear interpolated 
motion

Force Control yes

Programming

direct teaching method 
through tablet

hand by hand

haptic device

vision

Safety mode stop or speed reduction to 
specific situations

Connection ethernet

Gripper two figures and other tools

Mass (kg) approximately 20
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The main technologies to be achieved include the design of 
a hard-soft-flexible coupling mechanisms [18-20], intelligent 
drive technology, safe decision-making mechanisms geared 
towards human-robot cooperation [21, 22], 3D modelling of 
environments [23], interactive force sensing and control, a 
distributed collaboration of multi-agent systems, vision-based 
image processing [24-26], furthermore emotional recognition 
and interaction mechanisms toward the friendly cooperation 
between humans and robots.

2.3. Technology for multi-robot systems

A multi-robot system refers to an identified number of 
independent robots that take moving and cooperate as a self-
organizing group. Such collaborative action can help the team 
realize complex functions and demonstrate a clear trend towards 
the "in projects" or "goals" collective [27]. Studies of multi-
robot systems will focus on the aspects such as increasing the 
convergence speed of coordinated control and dealing with 
finite-time control [28], transforming the topology of system 
changes over time, and organizing the multi-agent network in 
a more proper way [29], designing a program that estimates 
according to the global non-linear collaboration state, and 
realizing differential co-operative control groups of robots based 
on a heuristic algorithm [30].

Compared with the traditional single-robot system, there is 
no global control goal however there is distributed control issue 
in a multi-robot system. Multi-robot collaboration improves 
efficiency in the execution of tasks and its lifetime enhances the 
robustness of the system can complete distributed tasks that a 
single-robot system cannot do. Furthermore, the multi-robot 
system is easily expanded and updated. Each robot has relatively 
basic functions and a limited ability to collect, process, and 
communicate information. Through transmission and interaction 
between robots, the whole system will be highly effective 
in collaboration and higher intelligence performance, thus 
achieving many difficult and complex jobs. Impurity requires 
high precision and is beyond the capabilities of a single-robot 
system [31]. Multi-robot systems demonstrate great power in 
multi-sensor collaborative information processing, multi-robot 
collaboration, drone fleets, multi-operation control, and other 
fields [32-34].

2.4. The technology of control and decision-making is like 
the brain

With robots' deeper and broader involvement in industrial 
production and the social life next generation, thus it will be 
required to increase their performance. Robots usually serve in 
complex and interchangeable environments with unpredicted 
uncertainties, and missions are of a high hermaphroditic and 
nonlinear nature, performance requirements go beyond the 
validity and plausibility of common control algorithms. Capable 
of rich sensor data collection capabilities, the robot can perform 
sorting, synthesizing, and extracting data efficiently and reliably 
in the future (Fig. 6).
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Robots possess strong learning abilities including supervised 
or unsupervised learning. Supervised learning will train logical 
model parameters based on artificially labeled sample sets from 
which manipulation control decisions are made. In contrast, 
unsupervised learning will train optimal control laws from the 
unlabelled sample sets [35]. Supervised learning meanly focuses 
on imitation and performance [36, 37]. A. Paraschos, et al. (2013) 
[38] proposed the primitive probability of motion (ProMP), which 
describes primitive motion using probabilistic modelling that 
allows the robot to adapt to changing tasks. In several studies [39, 
40], the sub-primitive motion constructs a compact expression 
of robot control laws used to perform actions such as collision, 
impact, and capture. Robots can mimic human actions and adapt 
to different circumstances by adjusting their primitive parameters 
of motion. Unsupervised learning is mainly focused on building 
complex neural networks and deep learning. Deep learning was 
proposed by Hinton, which simulates brain function learning by 
applying neural networks. S. Levine, et al. (2016) [41], C. Finn, 
et al. (2017) [42] deployed unsupervised learning by establishing 
a larger neural network. The robot can plan strategies while being 
trained as well as build a mapping relationship between robot 
movement, sensory information, and mission, thus helping the 
robot complete the task without human intervention such as closing 
and opening doors and holding items (Fig. 6). Based on the multi-
layered expression mechanism in the brain, such an unattended 
feature learns and recognizes deeply abstract expressions from the 
original game and avoids artificial interference in this process to 
export geometric objects.

Moreover, deep learning theory, to some extent, helps solves 
the problem of local convergence and is more adaptive in previous 
artificial neural networks.

2.5. Virtual reality technology for robotics

The new generation of intelligent robots will feature high 
connectivity, virtual-real linkage, intelligent software, and human-
robot collaboration. More specifically, the robot can collect a 
lot of rich data from diverse sensors and upload them to the 
cloud to process and share information. Virtual and real devices 
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are deeply integrated forming a closed process of collecting, 
processing, analysing, responding to data, as well as executing 
and implementing "real-virtual-real" transformations. The 
smart algorithm to analyze big data based on advanced software 
applications enables the new generation of intelligent robots to 
thrive in a softwareization, content-depended, centralized platform 
API. Robots can be able to realize human-robot interaction using 
images and videos, even sense man's psychological activities, and 
exchange emotions applicating deep learning. The smart robot 
number is gradually expanding and becoming more systematic, 
essentially building an all-round chain and welcoming impressed 
technological innovation.

2.6. The technology of a robot’s network based on cloud 
computing and big data

During the 2010 International Conference on Humanoids, 
for the first time, J.J. Kuffner, et al. (2011) [43] presented the 
concept of a "cloud robot". Cloud robots are an integration of 
cloud computing and robotics. Cloud computing is an internet-
based computer mode. Software, resources, and information can 
be shared and made available to endpoints according to business 
needs. Like a terminal network, the robot does not need to store 
all the data or possess powerful computation but must link up with 
relevant servers to obtain the information it needs. Cloud robots 
can not only upload complex computational issues to the cloud 
but can also get a lot of data and exchange both information and 
skills. It is more powerful than storage, computation, and learning, 
and makes it more convenient to re-share resources between 
robots. Additionally, the robot will bear a smaller burden under 
similar circumstances, thus saving developers time by eliminating 
repetitive work [44]. Many companies like Google, Microsoft, and 
Baidu are involved in a computing cloud and big data technology 
research. Various cloud robot service architectures have been 
presented including a cloud service platform for networked 
robots (ex: ROS platform [45] and RoboEarth platform), a cloud 
service platform for sensor network (e.g., Sensor Cloud [46] and 
X-sensor), and a cloud service platform for the RSNP Model (e.g., 
Jeeves platform) [47]. The development of big data and cloud 
computing will drive development in the realm of robotics such 
as object capture, SLAM, and emotional perception. Notably, AS 
ORO Laboratory from Singapore has built a cloud-computing 
system that allows robots to build 3D maps of the environment at 
a much faster rate than the computer connected to the robot [48]. 
B. Kehoe, et al. (2013) [49] from the University of California, 
Berkeley, completed the task of capturing via a cloud-based 3D 
robot using a PR2 robot from Willow Garage Company and a 
target recognition tool from Google. Microsoft has developed 
an articulate Cortana personal assistant for conferences, which 
is dependent on cloud technology and can create a comfortable 
conversation with everyone. It can examine if it is the same talker 
or not during the conversation. Google's DeepMind developed and 
improved the AI architecture AlphaGo, which overcome many 
Weiqi experts around the world [50]. Cloud robot technology, as 
well as its unique advantages integrated with big data and cloud 

computing technology, are going to spark a huge transformation in 
the field of smart robots.

With ever-deepening industrial reform, changing social 
needs, and technological advancement, robots in the world are 
undergoing never seen growth. Countries around the world are 
competing in pushing robot innovation strategies. Third backbone 
technologies represented by big data, cloud computing, mobility, 
and social interaction drive the global robot industry growth 
towards intelligence, innovation, and digitalization. In the future, 
along with the development of smart hardware and AI technology, 
intelligent robots will surely make great progress and be broadly 
used as collaborative robots in unmanned vehicles, medical care, 
logistics, education, and entertainment. The diversity of user 
needs and the increasing emergence of never seen technologies 
push robots to evolve in highly intelligent, highly adaptable, and 
network-based ways.

3. A proposed open-architecture employed NI technologies 
for robotic development (the SM6 Cobot)

In essence, the general architecture of a robotic system needs to 
meet the requirements of implementation from basic to advanced 
skills and learning abilities. In traditional manufacturing, the main 
skill of robots is to perform motion tasks considering interactions 
of forces with the environment, while intelligent robots will 
develop the self-learning ability to collaborate directly with 
humans. To adapt to this requirement, there have been various 
solutions developed based on so many different software and 
hardware platforms throughout two phases including expanded-
dimension integration (open sources) and deep-dimension 
integration (packed sources).

In this paper, we propose a hardware and software architecture 
employing the NI CompactDAQ platform aimed to integrate and 
expand innovative technologies into robotics for the development 
of smarter robots. The latest CompactDAQ system can perform 
both control and acquisition functions at the same time, providing 
data measurement that meets inspection requirements without 
limitations in terms of distance and environmental conditions. 
This device typically pairs with I/O modules that provide 
communication to the sensor using software optimized for both 
industrial and R&D applications. There will be solutions made 
of data acquisition modules that can synchronize multiple 
measurements over a network bringing the data digitization 
system closer to the sensor thereby reducing noise and simplifying 
wiring connections.

A CompactDAQ system can be easily connected to your 
PC via USB or Ethernet and then integrate one or more I/O 
modules for direct communication with sensors. Users can 
choose from a built-in controller that works with Windows or 
a real-time operating system like Linux to run independently. 
The CompactDAQ controller is a tightly integrated, reliable, 
high-performance industry standard. It is an ideal solution for 
collecting and analysing data in built-in or portable memory. 
Obviously, this unit also allows for many standard connectivity 
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and expansion options including USB, Ethernet, CAN/LIN, and 
RS232. In addition, the integrated solution can be expanded with 
high-quality input and output modules (C Series) to provide 
signal conditioning and analogue-to-digital conversion for 
CompactDAQ systems (NI currently offers up to 60 C Series 
I/O modules to interface with most sensors on the market, in a 
quick and easy way for a size-optimized, cost-optimized custom 
hardware setup with good performance). Note that these modules 
can be hot-swappable and plugged directly into the main machine, 
enabling customers to easily build a system to suit specific test 
requirements. The aforementioned allows processes from data 
collection and analysis to measurement system programming 
to be fully automated and seamless, so that tests can be flexibly 
tailored to specific needs.

CompactDAQ hardware is built to work well with 
DAQExpress™ software, FlexLogger™, and visual language 
programming environments such as LabVIEW to meet extensive 
development requirements and even deep integration. Not only 
that, but the CompactDAQs also use the powerful NI-DAQmx 
driver, making it possible to write programs in many other 
languages.

For motion control purposes, NI strongly supports testing, 
measurement, and control platform of mechanisms, machines, 
robots, and so on. In this application, the system will further 
integrate C Series and interface modules for CompactRIO 
and EthernetRIO, or PCI and PXI plug-in motion controllers. 
Combining this hardware system with the use of LabVIEW 
software, a multi-purpose controller, and a complete range of 
motors and drives, customers can build a variety of advanced 
multi-utility motion applications quickly and with lower costs.

 In practice, motion systems are often built upon application 
software, motion control, actuators, and other mechanical 
components. The lower part of the motion control architecture 
is implemented at a hardware level close to what is required by 
the application, for example, initial setup, supervisory control, 
trajectory generation, trajectory interpolation, and control loops 
(position, velocity, torque).

NI currently offers two different motion architectures 
programmed with different software (Fig. 7). One architecture 
uses the NI plug-in motion controller in conjunction with motion-
enabled NI-Motion controller programming, while the other 
uses a real-time controller and FPGA for programming with the 
LabVIEW SoftMotion Module (Fig. 8).
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SoftMotion is a solution for software-based motion control, 
where various motion control components are modularized such 
as supervisory control, trajectory generation, and control loops 
(Fig. 8). Each component is then routed to a central motion system 
(developing machine, real-time processor, or FPGA) tailored to a 
specific application purpose. Customers can fully use SoftMotion 
for advanced application development from scratch, or customize 
it at the application code level, real-time SoftMotion Engine, 
or IP FPGA level. When using SoftMotion in conjunction with 
LabVIEW, it helps to quickly configure motion setup, simulate, 
link drivers to hardware, and test and adjust motion setup before 
application development. NI cRIO platforms are used to build an 
open architecture for integrating intelligent robots in several types 
of constructs: single-arm Cobots (Fig. 9) and dual-arm Cobots 
with a proposed systematic diagram as shown in Fig. 10.
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Fig. 10. 3D Simulation of the dual-arm SM6 Cobot. 
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Alternatively, the NI-Motion driver can be inherited to 
program the motion controllers on PCI and PXI (e.g., NI 7330, NI 
7340, NI 7350, and NI 7390). This driver includes LabVIEW VIs 
(with examples) that will help users quickly create motion control 
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applications using LabVIEW for Windows plug-in controllers or 
real-time LabVIEW. In addition, NI offers a wide range of easy-to-
connect, reliable driver solutions to its embedded controllers that 
perform well in a variety of power ranges and are compatible with 
many other third-party devices.

Figure 11 shows a hardware and software system based on 
the solution of this paper that has been implemented for directly 
developing SM6 Cobot at the Automation and Mechatronics 
Laboratory of the Institute of Mechanics, Vietnam Academy of 
Science and Technology, as mentioned above. Also, this system is 
expected to help develop intelligent systems like robots.

Fig. 11. A hardware and software system using NI devices for 
robot development.

4. Conclusions
Intelligent robots are predicted to liberate the manufacturing 

industry not only within the Fourth Industrial Revolution, which 
will root from automotive, electric-electronics, metal-mechanical, 
biomedical, and other industries. Developing a novel integrating 
solution will help capture this future opportunity for Vietnam by 
the intensive focus on automotive, electric-electronics, medical, 
other advanced technologies, and will step-by-step create a smart 
manufacturing ecosystem with the contribution of intelligent 
robots. First of all, it will develop in-depth knowledge, design, and 
prototypes of intelligent robots to help raise society's awareness 
of robots, artificial intelligence, Internet of things, virtual reality 
technologies, and other related fields in Vietnam. After that, 
based on the previous results, it will prepare the technology 
database to transfer, consult, support, and take joint development 
with enterprises aimed to commercialize products and services 
successfully. These goals will be achieved by concurrent 
streams of supporting activities like scientific publications and 
collaborative workshops, engagement with the manufacturing 
industry, especially in smart manufacturing, and continuous 
training generations of engineers at various levels.

The SM6 robot introduced in this paper is the second version 
and was just completed in 2021 (the first one was completed in 
2018). The latest version is expected to integrate with more 
expanded and deep innovative technologies including many other 
techniques for both dynamics skill improvement and smartness. To 

realize this expectation, the authors propose a new hardware and 
software architecture using the cRIO platform from NI opened for 
integration development of new robots.

Interdisciplinary integrating solutions help develop in-depth 
research in related fields like robotics, mechatronics systems, 
control, AI (machine learning, deep learning), IoT, VR, cloud 
computing, big data, simulation, and embedded systems. 
Furthermore, it contributes to close links between domestic and 
foreign research groups. All these aspects help build and develop a 
deep and wide cooperative relationship between research institutes, 
universities, and enterprises in the innovation progressing trend.
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1. Introduction
FFEM is the combination of finite element method (FEM) 

and fuzzy sets theory [1], which is used to define the responses of 
structures in cases where the input quantities contain incomplete 
information such as loads, material and geometric properties, 
stiffness of supports, etc., and is described in the form of fuzzy 
numbers. In recent years, a large number of FFEMs have been 
proposed beginning with static analysis, then extending into the 
dynamic analysis of structures. Fundamental strategies of FFEM can 
be categorized into main groups as follows: the interval arithmetic 
approach for static analysis of structures [2-8], the optimization 
strategy for static and dynamic analysis of structures [9-20], the 
combination of interval arithmetic and optimization strategy for 
dynamic analysis of structures [21-23], and applying stochastic 
finite element methods (SFEM) [24] for fuzzy analysis of structures 
[25-27]. Amongst these approaches, the α-optimization method 
[9] has been gradually acknowledged as the standard procedure 
for FFEM. In this method, the search process is performed in the 
input domain to seek the exact bounds on the objective function by 
iteratively evaluating the objective function at designated points. 
Therefore, this method is very time-consuming because it must be 
accomplished with a large amount of finite element analysis.

To overcome this limitation, this study focuses on a novel 
approach for analysing fuzzy finite elements by using the 
transformation between fuzzy and random variables. Firstly, based 
on the combination of the principle of insufficient reason and 

that of maximum specificity, normal random variables equivalent 
to symmetric triangular fuzzy numbers of the input data are 
presented and explored in detail. As a result, these fuzzy numbers 
are replaced by normal random variables so SFEM such as Monte 
Carlo simulations, the perturbation method, the spectral stochastic 
finite element method, and so on can be used for the analysis of 
structures. In this study, the response surface method (RSM) is 
utilized to approximate the real responses of structures.  Then, the 
least-squares error criterion between the training and the test sets 
is proposed to select the suitable response surface model amongst 
the regression models. Lastly, the mean and the standard deviation 
values of the responses of structures are directly calculated from the 
response surface model. The proposed method is verified via a two-
bar truss structure with spring supports.

2. Methods
2.1. The overview of transformation principles and the formulae 

for determining the deviation of the equivalent normal variables

The transformation from fuzzy numbers into random quantities 
and its converse should be taken into account in any problem 
where heterogeneous uncertain and imprecise data appear together 
(e.g., information deficit, linguistic variables, statistical data). 
Representative transformation principles such as insufficient 
reason, maximum specificity, and uncertainty invariance are 
proposed by D. Dubois, et al. (1993) [28], D. Dubois, et al. (2004) 
[29], D. Dubois (2006) [30], and G.J. Klir (2005) [31], respectively. 
The advantage of Klir’s principle is the information preservation 
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of fuzzy measure and equivalent probability. However, in Ref. 
[1], the results of using one may conflict with the probability/
possibility consistency principle. Besides, three assumptions 
must be used in Klir's approach while Dubois's approach does not 
make any assumptions. Nevertheless, an initial fuzzy number will 
differ from the final fuzzy number after a transform forward to 
probability measure by the principle of insufficient reason and then 
a transform back to fuzzy measure by the principle of maximum 
specificity. Hence, transformations (from possibility to probability 
and converse) based on these two principles make non-conservative 
information. To overcome this drawback, T.H. Nguyen, et al. 
(2019) [32] proposed an innovation transformation to calculate the 
deviation of the equivalent normal random variable. This approach 
is presented and detailed explored below. 

Consider a symmetric triangular fuzzy number 
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the  belief value (at the membership level =1) of the fuzzy number; l is the spread of the 

fuzzy number; and the standardized fuzzy variable 𝑥̃𝑥𝑖𝑖 = (0,1)𝐿𝐿𝐿𝐿 is defined as follows [19]: 
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probability density function p(x) of the standardized symmetric triangular fuzzy number 

obtained by the principle of insufficient reason and the probability density function of the 
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For the transformation from a standardized symmetric 
triangular fuzzy number (Fig. 1B) into a random quantity, the 
error of probability measure between the equivalent probability 
density function p(x) of the standardized symmetric triangular 
fuzzy number obtained by the principle of insufficient reason 
and the probability density function of the normal random 
variable p1(x) is expressed by the following formula:
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with σ being the deviation of the normal random variable, {A} is 
the event that has 1≤xo≤x, and P(A) and P1(A) are probabilities 
of event A for the density distribution functions p(x) and p1(x).  

From Eq. (2), we obtain:
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with  being the deviation of the normal random variable, {A} is the event that has 1xox, 

and P(A) and P1(A) are probabilities of event A for the density distribution functions p(x) 

and p1(x).   

  From Eq. (2), we obtain:     
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       (9) 

For the reverse transformation, that is, from the normal random variable into an 

equivalent fuzzy number, the error of possibility measure between the equivalent fuzzy 

number of the normal random variable obtained by the principle of maximum specificity 

and the standardized fuzzy number is expressed by the following formula: 

𝐺𝐺(𝜎𝜎) = ∫ (𝜋𝜋1(𝑥𝑥) − 𝜋𝜋(𝑥𝑥))20
−1 𝑑𝑑𝑑𝑑 + ∫ 𝜋𝜋1

2(𝑥𝑥)−1
−∞ 𝑑𝑑𝑑𝑑 = ∫ (𝜋𝜋1(𝑥𝑥) − 1 − 𝑥𝑥)20
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∫ 𝜋𝜋1
2(𝑥𝑥)−1

−∞ 𝑑𝑑𝑑𝑑 →  𝑚𝑚𝑚𝑚𝑚𝑚   (10) 

where (x) is the membership function of the standardized fuzzy number in [-1,0] as:  

(x) = 1+ x              (11) 

 (7)

The probability density function p(x) and normal random 
variable p1(x) have different domains. Therefore, to ensure 
that the probability of the density function p1(x) in (-∞,1) is 
insignificant, one needs
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normal random variable obtained by the principle of maximum 
specificity and the standardized fuzzy number is expressed by 
the following formula:
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with  being the deviation of the normal random variable, {A} is the event that has 1xox, 

and P(A) and P1(A) are probabilities of event A for the density distribution functions p(x) 

and p1(x).   

  From Eq. (2), we obtain:     

𝐹𝐹1(𝜎𝜎) = ∫ (𝑃𝑃(𝐴𝐴) − 𝑃𝑃1(𝐴𝐴))20
−1 𝑑𝑑𝑑𝑑 → 𝑚𝑚𝑚𝑚𝑚𝑚                           

(7) 

The probability density function p(x) and normal random variable p1(x) have 

different domains. Therefore, to ensure that the probability of the density function p1(x) in 

(-,1) is insignificant, one needs 

𝐹𝐹2(𝜎𝜎) = 𝑃𝑃1[𝐴𝐴 ∗: 𝑥𝑥𝑜𝑜 ∈ (−∞, −1)] = ∫ 1
√2𝜋𝜋𝜎𝜎 𝑒𝑒(− 𝑥𝑥2

2𝜎𝜎2)−1
−∞ 𝑑𝑑𝑑𝑑 → 𝑚𝑚𝑚𝑚𝑚𝑚               

       (8) 

Combining Eqs. (7) and (8), we have:  

𝐹𝐹(𝜎𝜎) = 𝐹𝐹1(𝜎𝜎) + 𝐹𝐹2(𝜎𝜎) = ∫ (𝑃𝑃(𝐴𝐴) − 𝑃𝑃1(𝐴𝐴))20
−1 𝑑𝑑𝑑𝑑 + ∫ 1

√2𝜋𝜋𝜎𝜎 𝑒𝑒(− 𝑥𝑥2
2𝜎𝜎2)−1

−∞ 𝑑𝑑𝑑𝑑 → 𝑚𝑚𝑚𝑚𝑚𝑚  

       (9) 

For the reverse transformation, that is, from the normal random variable into an 

equivalent fuzzy number, the error of possibility measure between the equivalent fuzzy 

number of the normal random variable obtained by the principle of maximum specificity 

and the standardized fuzzy number is expressed by the following formula: 

𝐺𝐺(𝜎𝜎) = ∫ (𝜋𝜋1(𝑥𝑥) − 𝜋𝜋(𝑥𝑥))20
−1 𝑑𝑑𝑑𝑑 + ∫ 𝜋𝜋1

2(𝑥𝑥)−1
−∞ 𝑑𝑑𝑑𝑑 = ∫ (𝜋𝜋1(𝑥𝑥) − 1 − 𝑥𝑥)20

−1 𝑑𝑑𝑑𝑑 +

∫ 𝜋𝜋1
2(𝑥𝑥)−1

−∞ 𝑑𝑑𝑑𝑑 →  𝑚𝑚𝑚𝑚𝑚𝑚   (10) 

where (x) is the membership function of the standardized fuzzy number in [-1,0] as:  

(x) = 1+ x              (11) 

 (10)

where π(x) is the membership function of the standardized fuzzy 
number in [-1,0] as:
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Then, π1(x) is the equivalent fuzzy number of a normal 
random variable determined as follows (with limits  –∞ and +∞ 
replaced by -6σ and 6σ, respectively):
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Then, 1(x) is the equivalent fuzzy number of a normal random variable determined as 

follows (with limits  – and + replaced by -6 and 6, respectively): 

𝜋𝜋1(𝑥𝑥) = 𝜋𝜋1(−𝑥𝑥) = ∫ 𝑝𝑝1
𝑥𝑥

−6𝜎𝜎 (𝑦𝑦)𝑑𝑑𝑑𝑑 + ∫ 𝑝𝑝1
6𝜎𝜎

−𝑥𝑥 (𝑦𝑦)𝑑𝑑𝑑𝑑               

     (12) 

To solve the multi-objective optimization problem of Eqs. (9) and (10), one 

transforms multiple objectives into a scalar objective function by multiplying each 

objective function by a weighting factor and summing up all contributors as in: 
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2.2. The calculation for the responses of structures

After a transformation from fuzzy to random variables, fuzzy 
finite element analysis becomes stochastic finite element analysis. 
Then, RSM is utilized to define the responses of the structures. 
The basic idea of RSM is to approximate an implicit function by 
an equivalent polynomial function. The calculation procedure is 
expressed in the next sub-sections. 

Design of experiments: The design of the experiments is based 
on the sampling plan in design variable space (i.e., input data space). 
The design plays a very valuable role in determining the regression 
coefficients of surrogate models. The important problem is how we 
evaluate the goodness of such designs with a limited number of 
samples. In the present paper, the Box-Behnken design [33], which 
has good results in actual problems, is selected to be the design 
of the experiments. In the Box-Behnken design, sample points are 
chosen at all possible combinations of the mean values (μi=0) and 
μi±3σi (0±3) as shown in Fig. 3. 
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Fig. 3. The Box-Behnken design with three standard normal 
random variables.

Surrogate models: In statistical theory, surrogate models are 
often used that include the polynomial regression model, Kringing 
model, and radial basis functions [34]. The first and the second 
models are parametric models based on the assumed functional 
form of the response in terms of the design variables. The last 
model is non-parametric and uses different types of local models in 
different regions of the data to build up an overall model. Among 
these models, the polynomial regression model is often used to 
build a response surface function due to its calculation simplicity. 
In this study, the complete quadratic polynomial regression model 

is used for the responses of structure, in which all random variables 
Xci are standard normal and assumed to be uncorrelated.

The complete quadratic polynomial regression model (The CQP 
model):
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where ŷ(x=a) are displacements at the membership level µ=1 of the 
input data and are determined by classical FEM. 

The remaining regression coefficients in Eq. (14) are determined 
by the least-squares method. 

Error estimation and selecting reasonable design: Due to their 
ease of calculation, split sample and cross-validation methods [34] 
are always used to select a rational design. To reduce the variance 
of the error estimation, which usually appears in the split sample 
method, the cross-validation method is proposed. Differing from 
the split sample method, this method makes no distinction between 
the training and test data sets. In this study, leave-one-out cross-
validation is applied where each response point is tested once and 
trained k-1 times because the centre point was computed from Eq. 
(15). The error estimation of the jth design (using X(j) as the test set) 
is determined by the formula:
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where GSEj is the square error estimation of the jth design; yj is 
output value at X(j) determined by classical FEM; and ŷj

(-j) is the 
estimated value at X(j) of the jth design. 

The design uses the least-squares error estimation method to 
calculate the responses of the structures.    

Determination for the responses of structures: The parameters 
of the responses of structures, including the mean and the deviation 
values, are directly calculated from the surrogate model. After using 
the properties for the nth moments of the standard normal variable, 
we obtain:

- The mean value of the responses of structures:
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- The standard deviation value of the responses of structures:
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where E(y2) is determined as follows:
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3. Results and discussion
Consider a two-bar truss with a spring support in Fig. 4, 

where the elastic modulus of the material is Ẽ, the loads are P1̃ 
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from a fuzzy number to random variable and the principle of maximum specificity when 

going from a random variable to fuzzy number. To solve Eq. (13), a genetic algorithm (GA) 

is applied using built-in functions in Matlab. The relation between the weighting factor   

and deviation   is depicted in detail in Fig. 2.  

 
Fig. 2. Representation of the relation between deviation and 
weighting factor. 
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and P̃2, and the spring stiffness k̃ are symmetric triangular fuzzy 
numbers: Ẽ=(210,20)LR GPa; P̃1=(30,3)LR kN; P̃2=(25,3)LR kN; 
k̃=(2000,400)LR kN/m.

The cross-sectional area of both bars is A1=A2=5.10-4 m2. 

Required: Determine the horizontal displacement u1 and the 
vertical displacement v1. 

10 
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Fig. 4.  Two-bar truss with spring support. 
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One realizes that the weighting factor of 0.5 represents 
the equivalent characteristic according to two principles: The 
principle of the insufficient reason when going from fuzzy 
numbers to random variables and the principle of maximum 
specificity when going from random variable to fuzzy number. 
Hence, in this study, we utilize the weighting factor to calculate 
the responses of the structure. The other weighting factor values 
are used to survey the variation of the responses of the structure.  

The mean values mr and the standard deviation values σr of the 
horizontal displacement u1 and the vertical displacement v1 for each 
value of the weighting factor γ are shown in Table 1. 
Table 1. The mean values mr and the standard deviation values σr 
of the horizontal displacement u1 and the vertical displacement v1.

The 
weighting 
factor γ

The horizontal displacement u1 (m) The vertical displacement v1 (m)
The mean 
value mr 

The standard 
deviation value σr  

The mean 
value mr 

The standard 
deviation value σr  

0 0.0007425 0.000218 -0.0013835 0.000310
0.1 0.0007395 0.000036 -0.0013735 0.000248
0.2 0.0007397 0.000068 -0.0013793 0.000096
0.3 0.000740 0.000102 -0.0013799 0.000144
0.4 0.0007406 0.000136 -0.0013807 0.000192
0.5 0.0007411 0.000161 -0.0013815 0.000229
0.6 0.0007421 0.000204 -0.0013830 0.000290
0.7 0.0007431 0.000239 -0.0013840 0.000343
0.8 0.0007451 0.000273 -0.0013862 0.000391
0.9 0.0007464 0.000310 -0.0013878 0.000439
1 0.000740 0.000098 -0.0013798 0.000138

Tables 2 and 3 show the results of fuzzy horizontal 
displacement u1̃ and fuzzy vertical displacement v1̃ using the 
α-optimization method, respectively. Membership functions of 
fuzzy horizontal displacement u1̃ and fuzzy vertical displacement 
ṽ1 are depicted in Figs. 5 and 6, respectively.

Table 2.  The result of fuzzy horizontal displacement u1̃ using the 
α-optimization method.

α-cuts
The α-optimization method

Lower u1 (m) Upper u1 (m)

0.0 0.000188 0.001352

0.2 0.000294 0.001224

0.4 0.000402 0.001098

0.6 0.000512 0.000976

0.8 0.000624 0.000856

1.0 0.000739 0.000739

Table 3.  The result of fuzzy vertical displacement ṽ1 using the 
α-optimization method.

α-cuts
The α-optimization method

Lower v1 (m) Upper v1 (m)

0.0 -0.002283 -0.000675

0.2 -0.002083 -0.000803

0.4 -0.001893 -0.000937

0.6 -0.001713 -0.001078

0.8 -0.001542 -0.001225

1.0 -0.001379 -0.001379

13 
 

1.0 -0.001379 -0.001379 
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percentage errors are presented in [4]. 
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Fig. 6.  Fuzzy vertical displacement ṽ1.
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To verify the accuracy of the proposed methods, the mean value 
mr and the confidence interval [mr-h.σr, mr+h.σr]  are compared with 
the belief value and the support of fuzzy response of the structure 
using the α-optimization method, respectively. Because the non-
linearity terms are comprised of the responses of structure, the 
load effects (the output data) such as displacements and internal 
forces exhibit non-Gaussian probabilistic characteristics. Hence, 
the interval [mr-3.2σr, mr+3.2σr], which corresponds to the largest 
99% confidence interval for the Laplace, the uniform, and the 
triangular probability distributions [29] is chosen. Tables 4 and 5 
show the percentage errors between the mean values at each value 
of the weighting factor γ  and the belief values for the horizontal 
displacement u1 and the vertical displacement v1, respectively. The 
differences between the results of the confidence intervals and that 
of the support of fuzzy displacements ũ1 and ṽ1 are calculated in 
Tables 6 and 7, respectively, including percentage errors in the lower 
bound, the upper bound, and the width of solutions. The formulae 
for calculating these percentage errors are presented in [4].
Table 4. The percentage errors between the mean and belief values 
for the horizontal displacement u1.

The weighting 
factor γ

The mean value 
mr (m)

The belief 
value (m) Error (%)

0 0.0007425 0.000739 -0.48864

0.1 0.0007395 0.000739 -0.07360

0.2 0.0007397 0.000739 -0.10331

0.3 0.000740 0.000739 -0.15292

0.4 0.0007406 0.000739 -0.22886

0.5 0.0007411 0.000739 -0.29201

0.6 0.0007421 0.000739 -0.43162

0.7 0.0007431 0.000739 -0.57072

0.8 0.0007451 0.000739 -0.84072

0.9 0.0007464 0.000739 -1.00942

1 0.000740 0.000739 -0.14791

Table 5. The percentage errors between the mean and belief values 
for the vertical displacement v1.

The weighting 
factor γ

The mean value 
mr (m)

The belief 
value (m)

Error (%)

0 -0.0013835 -0.001379 -0.30406

0.1 -0.0013735 -0.001379 0.41886

0.2 -0.0013793 -0.001379 -0.00017

0.3 -0.0013799 0.000739 -0.04119

0.4 -0.0013807 -0.001379 -0.09851

0.5 -0.0013815 -0.001379 -0.26862

0.6 -0.0013830 -0.001379 -0.34153

0.7 -0.0013840 -0.001379 -0.40643

0.8 -0.0013862 -0.001379 -0.50283

0.9 -0.0013878 -0.001379 -0.61848

1 -0.0013798 -0.001379 -0.03628

Table 6. The percentage errors between the confidence intervals 
and support of fuzzy horizontal displacement ũ1.

The 
weighting 
factor γ

The confidence interval 
[mr–3.2σr, mr+3.2σr]

The support of fuzzy 
displacement ũ1

Error 
LB 
(% )

Error 
UB (%)

Error 
width
(%)Lower (m) Upper (m) Lower (m) Upper (m)

0 0.000044 0.001441 0.000188 0.001352 76.57 6.57 19.96
0.1 0.000625 0.000853 0.000188 0.001352 233.53 36.88 80.42
0.2 0.000522 0.000958 0.000214 0.001320 143.91 27.43 60.56
0.3 0.000414 0.001066 0.000214 0.001320 93.70 19.24 41.08
0.4 0.000307 0.001175 0.000240 0.001288 27.60 8.78 17.12
0.5 0.000224 0.001258 0.000240 0.001288 6.66 2.31 1.31
0.6 0.000088 0.001396 0.000267 0.001256 66.93 11.18 32.26
0.7 -0.000023 0.001509 0.000267 0.001256 108.62 20.20 54.97
0.8 -0.000128 0.001618 0.000294 0.001224 143.53 32.21 87.67
0.9 -0.000247 0.001740 0.000320 0.001192 177.15 45.95 127.93
1 0.000427 0.001053 0.000320 0.001192 33.37 11.69 28.25

Table 7. The percentage errors between the confidence intervals  
and the support of fuzzy vertical  displacement ṽ1.

The 
weighting 
factor γ

The confidence interval 
[mr-3.2σr, mr+3.2σr] 

The support of fuzzy 
displacement v1̃

Error 
LB 
(%)

Error 
UB
(%)

Error 
width
(%)Lower (m) Upper (m) Lower (m) Upper (m)

0 -0.002376 -0.000391 -0.002283 -0.000675 4.04 42.03 23.37
0.1 -0.002167 -0.000580 -0.002283 -0.000675 5.09 14.09 1.31
0.2 -0.001685 -0.001073 -0.002283 -0.000675 26.20 59.07 61.97
0.3 -0.001841 -0.000919 -0.002283 -0.000675 19.39 36.20 42.71
0.4 -0.001996 -0.000765 -0.002283 -0.000675 12.58 13.38 23.47
0.5 -0.002115 -0.000648 -0.002283 -0.000675 7.37 4.02 8.77
0.6 -0.002312 -0.000454 -0.002283 -0.000675 1.24 32.67 15.46
0.7 -0.002481 -0.000287 -0.002283 -0.000675 8.64 57.41 36.34
0.8 -0.002636 -0.000137 -0.002283 -0.000675 15.44 79.77 55.38
0.9 -0.002793 0.000017 -0.002283 -0.000675 22.31 102.57 74.70
1 -0.001822 -0.000938 -0.002283 -0.000675 20.23 39.00 45.08

4. Discussion 
Based on the results of the above example, the following 

discussions are presented:
- The mean values of the displacements obtained by the proposed 

method are close to the belief values of fuzzy displacements by 
the α-optimization method. Due to the difference between the 
mathematics of fuzzy sets and that of random parameters, this 
demonstrates that the complete quadratic polynomial in which all 
equivalent random variables are standard normal random variables 
using Eqs. (14) and (15) is a reasonable regression model to 
determine the displacements of the structure. 

- The confidence intervals of the displacements with the weighting 
factor γ=0.5 approximate the supports of fuzzy displacements (the 
percentage errors are less than 10%).  One realizes that a deviation 
of 0.476 for the equivalent normal variable, which corresponds to 
the weighting factor γ=0.5, is a plausible selection for calculating 
the responses of structures. This also points out that the proposed 
method is reliable. Indeed, when the weighting factor γ=0.728 
corresponding to the method [25], the average percentage of errors 
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is about 50%, which is much more than the largest percentage errors 
with the weighting factor γ=0.5. Once the spread of the fuzzy spring 
stiffness k=200 kN/m, which is the same as the example presented in 
[35], the percentage errors between the confidence intervals of the 
displacements corresponding to the weighting factor γ=0.5 and the 
support of fuzzy displacements are also less than 10%. 

- The number of computations obtained by the proposed method 
is less than that of the vertex method [12]. Indeed, in the illustrative 
example, the proposed method requires 25 deterministic finite 
element problems while 81 deterministic finite element problems are 
needed for analysis by the vertex method. This especially reveals that 
besides achieving reasonable accuracy, the proposed method is also a 
solution to reduce the number of computations. 

5. Conclusions
This paper presents a new method for analysing FFE by using 

the transformation between fuzzy and random variables. The novel 
formulae for determining equivalent normal random variables are 
established and explored in detail. By using the standard normal 
random variables in the quadratic polynomial regression models and 
selecting the suitable response surface model amongst the regression 
models, reasonable accuracy can be achieved for the responses 
of structures. Simultaneously, by applying suitable experimental 
designs, a reduction in the number of computations is demonstrated. 
A weighting factor of 0.5 is a reasonable selection to calculate the 
responses of structures. Thorough surveys of more complex examples 
will be presented in future research. Additionally, the present study 
will be extended to asymmetric triangular fuzzy numbers.
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1. Introduction
An indirect carotid cavernous fistula is a rare condition that is 

caused by the indirect low flow between the cavernous sinus and 
meningeal branches of the internal or external carotid artery or from 
both. This disease is common in females over 50 years old. Indirect 
carotid cavernous fistulas have atypical symptoms like direct carotid 
cavernous fistulas [1]. Symptoms depend on the flow rate and 
drainage vein patterns [2, 3]. Currently, there are many methods to 
evaluate blood vessels such as ultrasound, computed tomography of 
multisequence cerebral vessels, brain magnetic resonance imaging, 
and, especially, DSA, which is the gold standard to detect CCFs. 
In the past, treatment of ICCFs included symptom treatment and 
constriction of the carotid artery, which had low success rates and 
many complications. Endovascular treatments were carried out all 
over the world in the 1970s [4], followed by further development 
by other authors. Therefore, the objective of our study is to analyse 
clinical features, cerebral angiography, and the relationship with the 
outcome of endovascular treatment in patients with ICCFs. 

2. Subjects and methods

Subjects: 32 patients diagnosed to identify ICCFs through DSA 
and intravascular intervention at Bach Mai Hospital from July 2018 
to August 2019.

Methods: Prospective research. All cases meeting the selected 
criteria were admitted to the study to collect data on age, sex, 
clinical features, imaging characteristics of cerebral angiography, 
results of endovascular treatment, and post - intervention symptom 
improvement. SPSS 22.0 was used to process data. 

3. Results

3.1. Demographic features

The age and sex characteristics of the research’s subjects are 
presented in Table 1. 

Table 1. The age and sex features of subjects.

Age Male Female p

<50 1 (14.3%) 6 (85.7%)
0.00

≥50 3 (12%) 22 (88%)

Mean 59.4±14.6

3.2. Clinical features

Figure 1 showed that the most common symptoms included 
chemosis (93.75%), headache (87.5%), progressive vision loss 
(53.1%), proptosis (53.1%), and tinnitus (37.5%).
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Abstract:

Indirect carotid cavernous fistulas (ICCFs) are rare disease entities triggered by indirect low flow between the cavernous sinus and 
the meningeal branches of the internal or external carotid artery or from both. To evaluate clinical characteristics, angiography, 
and relationship to the result of endovascular treatment of indirect carotid cavernous fistulas. A prospective study of 32 patients 
diagnosed to identify ICCFs through digital subtraction angiography (DSA) and intravascular intervention. Results showed that 
indirect carotid cavernous fistulas were more common in females of advanced age (68.8%) and occurred spontaneously (87.5%); 
the most common symptoms included chemosis (93.75%), headache (87.5%), proptosis (53.1%), and tinnitus (37.5%) with type 
D being the most common (81.2%). Thirty out of thirty-two patients with intervention had complete flow block (83.3%), near 
complete (13.3%), and failure in one case. Incomplete occlusion interventions and failures were of the type D complication. The 
complication and number of drainage veins are related (p<0.05). ICCFs have diverse symptoms that depend on the drainage veins 
but most commonly were red eyes, headache, and protruding eyes. The ICCFs were mostly D-type formation and endovascular 
treatments were safe and effective. Common complications occurred in the case of many veins draining.

Keywords: angiography, endovascular treatment, indirect carotid cavernous fistula.
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Fig. 1. Clinical features. 

Imaging characteristics of cerebral angiography: In 32 cases, 7 cases had 

bilateral connection (21.9%), 12 cases had connection to the left cavernous sinus 

(37.5%), and 13 cases had connection to the right cavernous sinus (40.6%). 

The features of feeding arterial branches in DSA are presented in Table 2.  

Table 2. The features of feeding arterial branches in DSA. 
Feeding arterial branches Number Rate (%) 

Internal carotid artery 

Right 4 12.5 

Left 5 15.6 

Bilateral 20 62.5 

External carotid artery 

Right 7 21.9 
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In Table 2, most of cases had feeding arterial branches from both sides. 
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Fig. 1. Clinical features.

Imaging characteristics of cerebral angiography: In 32 cases, 7 
cases had bilateral connection (21.9%), 12 cases had connection to the 
left cavernous sinus (37.5%), and 13 cases had connection to the right 
cavernous sinus (40.6%).

The features of feeding arterial branches in DSA are presented in 
Table 2.
Table 2. The features of feeding arterial branches in DSA.

Feeding arterial branches Number Rate (%)

Internal carotid 
artery

Right 4 12.5
Left 5 15.6
Bilateral 20 62.5

External 
carotid artery

Right 7 21.9
Left 8 25
Bilateral 14 43.7

In Table 2, most of cases had feeding arterial branches from both sides.

The ophthalmic vein accounted for 96.9% of draining veins, followed 
by the inferior petrosal sinus (34.4%) and occlusion (21.9%) (Table 3).
Table 3. Other features in DSA.

Draining veins Number Rate (%)
Ophthalmic vein 31 96.9
Inferior petrosal sinus 11 34.4
The cortical venous reflux 5 15.6
Contralateral drainage 6 18.7
Occlusion 7 21.9

A 60-year-old female patient was admitted due to left ptosis and 
tinnitus. Her DSA pictures are described in Fig. 2.
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Fig. 2. DSA pictures before and after intervention. (A) ICCFs (arrow): Feeding 

artery from the external carotid artery bilaterally with cortical venous reflux, (B) After 

intervention: Total occlusion of the left cavernous sinus and disappearance of ICCFs. 

Type D had the highest rate with 81.2% while type B and C shared the same 

proportion, accounting for 9.4% (Fig. 3). 
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Fig. 2. DSA pictures before and after intervention. (A) ICCFs 
(arrow): Feeding artery from the external carotid artery bilaterally with 
cortical venous reflux; (B) After intervention: Total occlusion of the left 
cavernous sinus and disappearance of ICCFs.

Type D had the highest rate with 81.2% while type B and C shared 
the same proportion, accounting for 9.4% (Fig. 3).
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Results of endovascular intervention 

In Table 4, most patients had results of complete occlusion (83.3%). Only one 

case (3.4%) failed due to inaccessibility of the cavernous sinuses as the flow was too 

small to intervene. 

 

Table 4. Results of endovascular intervention. 

 

Endovascular intervention Number Rate (%) 

Complete occlusion  25 83.3 
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The ratios of complete occlusion in one side and bilateral were the same and 

accounted for 83.3% (Fig. 4). 
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Results of endovascular intervention

In Table 4, most patients had results of complete occlusion 
(83.3%). Only one case (3.4%) failed due to inaccessibility of the 
cavernous sinuses as the flow was too small to intervene.
Table 4. Results of endovascular intervention.

Endovascular intervention Number Rate (%)

Complete occlusion 25 83.3

Incomplete occlusion 4 13.3

Failed 1 3.4

Total 30 100

The ratios of complete occlusion in one side and bilateral were the 
same and accounted for 83.3% (Fig. 4).
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Figure 5 proved that, after treatment, all symptoms decreased. Functional 

symptoms had a higher rate of reduction than physical signs. Chemosis reduced from 

29/32 (90.6%) to 5/32 (15.6%) of cases, headache decreased from 87.5 to 12.5%, 

and proptosis decreased from 53.1 to 6.25% significantly with p=0.00 at a 99% 

confidence interval (CI). 
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Figure 5 proved that, after treatment, all symptoms decreased. 
Functional symptoms had a higher rate of reduction than physical 
signs. Chemosis reduced from 29/32 (90.6%) to 5/32 (15.6%) of cases, 
headache decreased from 87.5 to 12.5%, and proptosis decreased 
from 53.1 to 6.25% significantly with p=0.00 at a 99% confidence 
interval (CI).
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3.4. Post - intervention complications

The most common complication after intervention was ocular 
palsy with 4/30 (13.33%) of cases. Three patients had VI nerve palsy, 
one patient had all three nerve palsies (II, IV, VI), and one patient had 
ischemia. 

3.5. The relationship between clinical features, imaging 
characteristics, and results of treatment

In Table 5, symptoms of proptosis and chemosis are related to 
the ophthalmic venous drainage (with p=0.001 and 0.031). Tinnitus 
and drainage to the inferior petrosal sinus are related, and statistically 
significant with p=0.00, 95% confidence, OR=11.33.
Table 5. The relationship between clinical symptoms and draining 
veins.

Clinical 
symptoms

Inferior petrosal sinus
Total p

Yes No

Tinnitus
Yes 8 (66.7%) 4(33.3%) 12 (100%) 0.00
No 3 (15%) 17 (85%) 20 (100%)
OR 11.33 2.036-63.082

Headache
Yes 10 (35.7%) 18 (64.3%) 28 (100%) 0.573
No 1 (25%) 3 (75%) 4 (100%)
OR 1.67 0.152-18.217

Ocular 
palsy

Yes 5 (41.6%) 7 (58.4%) 12 (100%) 0.383
No 6 (30%) 14 (70%) 20 (100%)
OR 1.67 0.347-7.424

Ophthalmic vein
Yes No

Proptosis
Yes 17 (100%) 0 17

0.001
No 14 (93.3%) 1 (6.7%) 15

Chemosis
Yes 29 (100%) 0 29

0.031
No 2 (66.7%) 1 (33.3%) 3

Tinnitus
Yes 11 (91.7%) 1 (8.3%) 12

0.375
No 20 (100%) 0 20

*p<0.05, using Fisher’s Exact.

Results by types of ICCFs are provided in Table 6. All incomplete 
occlusion and failed cases were type D.
Table 6. The results by types of ICCFs.

Complete occlusion Incomplete occlusion Failed
Type B 3 0 0
Type C 3 0 0
Type D 19 4 1
Total 25 4 1

Table 7 exhibited that there were no differences between two 
groups in the number of drain veins. 
Table 7. The relationship between drain veins and post-intervention 
complication.

Complication No complication Mean

The number of 
drain veins

4.6±0.45 1.5±0.58 2.1±1.37

p = 0.000, mean difference=3.258; 95% conference interval 2.71-3.806

In Table 8, there was no relationship between cortical drainage 
veins and complications after intervention. 
Table 8. The relationship between cortical drainage veins and 
complication.

Cortical drainage veins
Complications

Total p
Yes No

Yes 1 (20%) 4 (80%) 5 (100%)
0.642

No 4 (16%) 21 (84%) 25 (100%)
Total 5 25 30
OR 1.3 0.168-8.589

4. Discussion
4.1. Feature of subjects

All patients were in adulthood with ages from 24 to 76 years 
old. The high prevalence rate of the group over 50 years old, which 
accounted for 78.1%, was higher than the group below 50 (p<0.05). 
Our results are similar to other studies around the world [5-8]. The rate 
of ICCFs in male and female were 12.5 and 87.5%, respectively. The 
female/male ratio was 7/1. The pathogenetic mechanism is unknown, 
but hormones may be involved [9, 10].

4.2. Clinical features

The clinical features of ICCFs are various. However, the symptoms 
are usually not as pronounced and typical as in direct CCFs. In our 
research, the most common symptoms were: chemosis (93.75%), 
headache (87.5%), progressive vision loss (53.1%), proptosis (53.1%), 
and tinnitus (37.5%). Symptoms manifesting in one eye accounted 
for 75% with the bilateral one being 25%. In Vietnam, chemosis was 
the most popular symptom. It was also the first reason for patients to 
see their doctor [11]. In a previous research, the rates of chemosis, 
tinnitus, and diplopia were 92.1, 5.3, and 2.6%, respectively [12]. 
Thus, clinical symptoms such as chemosis, headache, proptosis, 
tinnitus, vision loss, and ocular palsy were valuable suggestions for 
detecting the pathology of ICFFs. 

4.3. Imaging characteristics of cerebral angiography

DSA was selected to diagnose cavernous carotid fistulas in all 
cases. This procedure helps to categorize lesions and choose the right 
treatment. The feeding arteries from the internal carotid artery in 20 
cases was bilateral (62.5%), followed by the left side (15.6%) and 
the right side (12.5%). The feeding arteries from the external carotid 
artery in 14 cases were bilateral (43.7%), followed by the left side 
(25%) and the right side (21.9%). Thus, the majority of patients had 
the bilateral feeding arteries.

The characteristics of flow: 7/32 cases were bilateral (21.9%), 
right side (40.6%), and left side (37.5%). There were no differences 
between the three types.

The drain veins: 31/32 were from the ophthalmic vein (96.9%) and 
11/32 from the inferior petrosal sinus (34.4%). The proportion of patients 
with cortical venous reflux on DSA was 15.6%, with contralateral 
drainage was 18.7%, and with occlusions in drain veins was 21.9%.

The location of the drainage veins was consistent with clinical 
symptoms. The most prevalent symptom was chemosis (93.75%) and 
DSA also showed that the majority of patients had venous drainage 
(96.9%). There was an association between tinnitus symptoms 
and inferior petrosal sinus drainage (p<0.05). In the study of M.D. 
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Alexander, et al. (2019) [13], the inferior petrosal sinus was observed 
and varied among patients (p=0.005). Therefore, we consider that the 
type of drainage vein will determine a patient’s clinical symptoms. 

Characteristics of classification of flow by D.L. Barrow, et al. (1985) 
[14]: Type D had the highest percentage with 26 patients (81.2%), which 
was followed by types B and C with equal rates (9.4%).

4.4. The relation between clinical features, imaging 
characteristics, and results of treatment

In our study, all 32 patients had DSA performed to diagnose ICCFs. 
There were two cases of type D that had no indication for intervention 
because of too small flow and insignificant ophthalmic vein. Thirty 
patients received intervention and 25/30 of said patients had complete 
occlusion (83.3%). One case of intervention failure was had right 
cavernous sinus flow, type D, ophthalmic vein, and inferior petrosal 
sinus obstruction. The intervention was conducted through the external 
carotid vein into the facial vein. It was failed when accessing to the 
ophthalmic vein due to small aperture, zigzag veins, and too small flow. 
According to some authors, for ICCFs with a low flow rate, the preferred 
treatment option is gamma knife radiotherapy. This is a minimally 
invasive method and is used when endovascular or surgical approaches 
are too dangerous or have failed [15-17]. The rate of complete occlusion 
in one side was 20/25 and bilateral was 5/6 (83.3%).

Complications after intervention were seen in five patients and 
accounted for 16.7%. To be specific, there were three cases of VI nerve 
palsy (6.7%), one case of ischemia (3.3%), and one case of ocular 
immobilization accompanied by an artery tear that formed aneurysm 
in the common femoral artery (3.3%). There were no cases of recent 
recurrence within a week, nor death. Sixth nerve palsy was treated 
by Solu Medrol and the patient recovered. In the case of the thigh 
aneurysm, emergency surgery to repair the artery was conducted. 

Incomplete occlusion and failed cases were type D, possibly due to 
the type D flux received by the feeding arteries from both internal and 
external carotid arteries, thus the source of leakage was greater and the 
flow was higher. 

The mean value of differences in the number of drainage veins of 
two groups with complication and no complications were 3.258. 

The CI of the difference was 2.71-3.806 (p<0.05) and there was 
no significant difference. This result is similar to K.H. Jung, et al. 
(2011) [18] study with p=0.011, OR=2.189, and 95% CI from 1.198 
to 3.999. The mechanism is unknown, but as can be seen in cases of 
multiple draining veins, when the intervention abruptly obstructs them 
decompensation can occur and may contribute to worsening cases.

5. Conclusions
ICFFs are common in females over 50 years old (68.8%). Clinical 

symptoms are varied, atypical, and depend on the pattern of draining 
veins with the most common symptoms including chemosis (93.75%), 
headache (87.5%), progressive vision loss (53.1%), proptosis (53.1%), 
and tinnitus (37.5%). Type D was the most common (81.2%). Thirty 
out of thirty-two patients with intervention had complete occlusion 
(83.3%), incomplete occlusion (13.3%), and failure in one case. 
Clinical symptoms related to drainage flow to the ophthalmic veins 
were proptosis (p<0.05) and chemosis (p<0.05). The occurrence of 
drainage to the inferior petrosal sinus increased 11.33 times when 
patients had tinnitus. The cases of incomplete occlusion and failure 
were type D, and complications were related to the number of drain 
veins (p<0.05).
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1. Introduction
Paraganglioma is a rare type of neuroendocrine tumour 

with an incidence of 0.0005-0.1% of the population and 
is most commonly found during the third through fifth 
decades of life in women [1, 2]. Tumours located outside the 
adrenal glands mainly secrete catecholamines and may have 
an origin of adrenal medulla (pheochromocytoma) or not 
(paraganglioma). Genetic factors account for about 25% of 
cases and most commonly in bilateral tumours [3]. The specific 
clinical symptoms, which are called fight-or-flight sympathetic 
symptoms, occur due to increased release of catecholamines 
including episodic hypertension, heart palpitations, headache, 
fatigue, and profuse sweating. Of these symptoms, the triad 
of profuse sweating, heart palpitations, and headache has 
a sensitive rate of 89% and a specific rate of 67%, which is 
close to 95% in patients with hypertension [4]. Most of the 
time, however, this tumour is often discovered incidentally by 
diagnostic imaging. These tumours are mostly benign, with 
only a small percentage of malignancies and metastases, and 
often insensitive to chemotherapy or radiotherapy. Surgical 
resection is thus the optimal treatment option [3]. Recently, 
with the development of minimally invasive techniques, 
laparoscopic surgery has become a new choice due to the 

advantages of decreased surgical time and hospital stay as well 
as a reduced postoperative complication rate. However, because 
the tumour is often located between the aorta and vena cava, 
laparoscopic surgery remains a challenge for surgeons [3]. 
Herein, we report successful laparoscopic surgeries used to 
treat three patients with paraganglioma located in relatively 
difficult locations. Our research objectives are aimed at sharing 
our approach and experiences with paragangliomas in the para-
aortic region as well as reviewing the literature on the outcomes 
of laparoscopic surgery for paraganglionic tumours.

2. Case presentation

2.1. Surgical procedure

In this study, we placed the patient in the lateral position 
using the intra-abdominal laparoscopic technique. 

For tumours located adjacent to or in between the 
abdominal aorta (AA) and inferior vena cava (IVC), the patient 
is placed in the left lateral position and the 4 trocars are placed, 
respectively, as follows: two 10-cm trocars above the umbilical 
and suprapubic and two 5-cm trocars in the right lumbar region 
and right iliac region. The patient underwent surgery according 
to the following procedure: fasciectomy, ascending colon and 

Lateral transperitoneal laparoscopic management for paragangliomas in 
para-aortic position: Surgical experience from case reports of three patients

Ngoc Hung Nguyen1, Huy Du Nguyen2, Hai Dang Do2, Tuan Hiep Luong2*, Thanh Khiem Nguyen1

1Gastrointestinal and Hepato-Biliary-Pancreatic Surgery Department, Bach Mai Hospital, 78 Giai Phong Street, Phuong Mai Ward, Dong Da District, Hanoi, Vietnam
2Department of Surgery, Hanoi Medical University, 1 Ton That Tung Street, Trung Tu Ward, Dong Da District, Hanoi, Vietnam

Received 14 January 2022; revised 21 March 2022; accepted 4 April 2022

                                               
*Corresponding author: Email: hiep1995hsgs@gmail.com

Abstract:

Paragangliomas are a type of neuroendocrine tumour with catecholamine secretion outside of the adrenal 
medulla. These tumours are frequently found in the para-aortic region, which makes them difficult to manage 
laparoscopically. We herein present a case report of three patients with paragangliomas in a difficult superior 
para-aortic position. All cases had symptoms of catecholamine release with uncontrolled episodic hypertension 
and had their tumours successfully removed by transperitoneal laparoscopic management. We have found 
this method to be a suitable approach because it reveals a wide surgical field and a view over all organs, 
especially blood vessels around the tumour. Although blood and urine dopamine and noradrenaline levels were 
not measured postoperatively, all three patients were discharged without complication and they did not display 
any more clinical symptoms. Lateral transperitoneal laparoscopic surgery provided a wide field of view, which 
clearly revealed the tumour and surrounding components indicating it is one of the safest and most effective 
approaches, especially for paragangliomas adjacent to large blood vessels.

Keywords: case report, laparoscopic, lateral transperitoneal, paragangliomas.

Classification number: 3.2

DOI: 10.31276/VJSTE.64(4).55-59



56 DECEMBER 2022 • VOLUME 64 NUMBER 4

LIFE SCIENCES | MEDICINE

mesenteric mobility, descending duodenal dissection, inferior 
duodenal flexure, and horizontal duodenal dissection (if 
necessary). Then, reveal and resect the paraganglioma. 

For tumours located between the left renal artery and the left 
renal vein, we had chosen the placement of 4 trocars as follows: 
two 10-mm trocars were placed just above the umbilical and 
below the left sternum, and two 5-mm trocars were placed in 
the right hypochondrium and the left anterior axillary line, 
respectively. Our surgical procedure was as follows: mobilise 
the descending colon, splenic flexure, distal pancreas, and 
spleen; then expose the left renal peduncle. The tumour was 
found between the renal artery and the renal vein, and a part of 
the tumour was attached to the left renal vein. Then, dissection 
was conducted, the tumour dissected, and the infiltrated left 
renal vein was sutured. In these cases, we chose to place the 
trocar and the approach was similar to the left adrenalectomy. 
We successfully performed this procedure in three cases.

2.2. Case 1

A male patient, 17 years old, with a history of 
glomerulonephritis and an appendectomy at 12 years old. The 
patient was admitted to the hospital because of paroxysmal 
hypertensive crises 3 months before admission with each 
episode lasting 5-6 minutes with sweating. The highest blood 
pressure recorded was 220 mmHg with generalised seizures one 
day before admission. Physical examination was unremarkable 
except for a few brief episodes of hypertension during the day. 
Computed tomography (CT) scans showed a retroperitoneal 
tumour in front of the AA, at the level of the inferior mesenteric 
artery, 48x28 mm in size and was clearly demarcated, hyper-
enhanced, and possessed central necrosis (Fig. 1). Blood tests 
showed increased dopamine (328.5 pg/ml) and increased 
noradrenaline (1177.71 pg/ml) with slightly increased 
aldosterone, normal cortisol and adrenocorticotropic hormone 
(ACTH), and normal blood potassium concentration. The 
patient was then diagnosed with paraganglioma. Intraoperative 
exploration: The abdomen is dry, the peritoneum is smooth, 
and there is a tumour measuring 4x5 cm close to the IVC and 
the AA without invasion. Tumour resection was performed 
according to the following procedure: The patient lies on the 
left side with 4 trocars placed, respectively, as follows: two 
10-cm trocars above the umbilical and suprapubic and two 
5-cm trocars in right lumbar region and right iliac region. 
The patient underwent surgery according to the following 
procedure: fasciectomy, ascending colon and mesenteric 
mobility, extensive exposure of the retroperitoneal space 
including the aorta, and tumour, meticulous dissection of the 
tumour from the aorta and IVC. Surgery time was 80 minutes 
and blood loss was less than 30 ml. The pathological result was 
pheochromocytoma with pheochromocytoma of the adrenal 
gland scaled score (PASS) of 5 points. Postoperatively, the 
patient was stable and discharged without any complications.
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2.3. Case 2

A male patient, 47 years old, with a history of episodes 
of paroxysmal hypertensive crisis peaking at 200/150 mmHg 
over five years but no intervention. In the recent year, the 
hypertensive crises began to appear more and more severe with 
an average of 10-15 attacks per day, each attack lasting about 
one minute, and the highest blood pressure was 275/135 mmHg. 
Magnetic resonance imaging (MRI) and Positron emission 
tomography and computed tomography (PET-CT) scans show 
a lymph-node-liked structure of the 3rd and 4th level of the 
lumbar spine with a size of 23x17 mm, clearly demarcated, 
and located in between the IVC and the AA (Fig. 2). 
Blood levels of dopamine, noradrenalin, aldosterone, and 
cortisol were 112.3 pg/ml, 686 pg/ml, 126 pg/ml (high), and 
334.3 nmol/l (normal), respectively. Urine catecholamine test 
presented a urine dopamine level of 68.1 µg in 24 hours, and 
increased noradrenaline and adrenaline of 113.3 and 142.2 µg, 
respectively, in 24 hours. Location of trocar placement and 
the stages of surgery were similar to the first case. Operating 
time was 75 minutes and the blood loss was less than 30 ml. 
The pathological result was paraganglioma with raft-forming 
cells with large, irregular nuclei. The postoperative process 
was normal.
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2.4. Case 3

A female patient, 16 years old, with a history of stable 
polycythaemia vera was admitted to our hospital. The patient 
presented with intermittent dyspnoea, dizziness, and heart 
palpitations with the highest blood pressure of 220 mmHg. 
On the CT scan, two vascular-enhanced masses are seen at 
the level of the renal hilum and the right and left dimensions 
were 29 and 15 mm, respectively (Fig. 3). Blood tests showed 
a normal dopamine level of 84.83 pg/ml, a high noradrenaline 
level of 1153 pg/ml, a normal adrenaline level of 27.67 pg/ml, 
and pituitary hormones were within normal limits. After 
stabilizing medical treatment, the patient underwent surgery 
in two stages: the first stage was on April 13th, 2021, and the 
second was on April 19th, 2021. Unlike the above two cases, 
the tumour was located close to the renal artery and vein, and a 
part of the tumour was attached to the posterior surface of the 
renal vein. First, after releasing the splenic flexure and distal 
pancreas, the surgeon exposed the left renal peduncle, wiggled 
the renal vein and renal artery, and sutured the infiltrated vein 
(Fig. 4). Duration of the first surgery was 180 minutes. In the 
second surgery, a tumour in the renal hilum measuring 2x3 cm 
with solid density and firmly attached to the posterior genital 
vein was revealed. After dissecting and releasing the ascending 
colon, exposing the duodenum, and dissecting the tumour 
from the posterior genital vein, the tumour was resected. The 
operation time was 150 minutes and the patient was monitored 
at the Department of Endocrinology with stable condition after 
surgery. Postoperative pathological result was paraganglioma.
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Treatment of paraganglioma is a complicated process, and 
the surgeon also needs to consult and closely coordinate with 
many other specialties such as endocrinology, cardiology, and 
anaesthesiology to develop an appropriate strategy. All patients 
were consulted by an endocrinologist for a definitive diagnosis 
as well as a cardiologist and anaesthetist to maintain blood 
pressure pre-, intra-, and post-operatively.

3. Discussion
Paragangliomas were first described by Pick in 1912 and 

first operated on in 1937 by Charles Mayo [3]. Through the 
three reported cases, we found that the most specific symptom 
was an episodic hypertensive crisis due to increased secretion 
of catecholamine. About 50-60% of cases will present with 
headache, heart palpitations, and profuse sweating, and a 
paroxysmal hypertensive crisis. Depending on the type of 
tumour, the characteristics of hypertension are different. Of 
these characteristics, noradrenaline-secreting tumours are 
often associated with prolonged hypertension, while episodic 
hypertensive crises are common in both noradrenaline and 
adrenaline-secreting groups. The estimated malignancy rate is 
about 15% and the 5-year survival rate ranges from 40 to 85% 
[5, 6] with paragangliomas having a higher malignancy potential 
than pheochromocytomas [6]. Although the risk factors 
for malignancy have not been well identified, some factors 
predisposed to malignancy are tumour size >5 cm, genetic 
mutations, failed resection of primary tumour, and presence 
of synchronous metastases [7]. Therefore, it is necessary to 
follow-up with patients postoperatively to determine if there 
is recurrence [8].

Radical resection remains the optimal treatment for 
paragangliomas. There are different treatment methods 
such as open surgery, laparoscopic lateral transperitoneal 
adrenalectomy (LTA), and laparoscopic posterior 
retroperitoneal adrenalectomy (PRA) [9, 10]. Based on the 
criteria of surgical time, intraoperative blood loss, pain level, 
hospital stay, and time to return to normal life, as well as 
potential complications, most studies have shown that PRA has 
the advantage. However, recent studies show an equivalent role 
of these two methods in the treatment of adrenal tumours [11]. 
Currently, indications for laparoscopic surgery are applied in 
cases of hormone-secreting tumours such as paraganglioma 
and other equivalents with tumour size less than 7 cm. For 
tumour sizes over 7 cm, with highly qualified surgeons capable 
of endoscopic dissection of related components such as Kocher 
duodenum endoscopy, colonic motility, etc., laparoscopic 
management is still possible [12]. Z.A.R. Jawad, et al. (2017) 
[13] reported a successful laparoscopic surgery to remove an 
8.2-cm paraganglioma.

In this study, we placed the patient in a supine position 
using the intra-abdominal laparoscopic technique because 
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of the short hospital stay and high efficiency compared to 
other methods [14]. Our trocar placement and approach were 
different from that of X. Ren, et al. (2020) [12]. These authors 
used four trocars with corresponding positions as follows: 
10-mm trocar above the umbilicus, another 10-mm trocar in the 
epigastric region, one 5-mm trocar in the right hypochondrium, 
and one 5-mm trocar in the right anterior axillary line. The 
author's approach to the tumour consisted of the following 
steps: first, the right hepatic triangular ligament and the hepato-
colic ligament were cut, the liver was lifted to expose the upper 
pole of the right kidney. Then, the mesentery of the ascending 
colon was dissected and extruded to expose the right kidney 
and right renal vein followed by dissecting sections D2 and 
D3 of the duodenum to reveal the tumour. Then, the vessels 
feeding the tumour were clamped and the tumour resected. Our 
tumour approach provided a wide field of view, which clearly 
revealed the tumour and surrounding components, especially 
the adjacent large blood vessels. In addition, it was possible 
to fully observe the abdominal viscera to investigate any other 
abnormalities. This approach is especially beneficial in cases of 
large tumours and those with vascular invasion. The operating 
time of our two cases were 80 and 75 minutes, respectively, with 
very little blood loss of just under 30 ml. This result was better 
than of [12], which took 120 minutes and 50 ml of blood in 
surgery. Our patients were in stable condition and did not have 
any postoperative complications. However, when performing 
this technique, we also found that there were some difficulties 
when we had to move many bowel segments such as the 
ascending colon, the mesentery, and a part of the duodenum to 
reach the tumour. The risk of injury to intra-abdominal organs 
is also higher than in the retroperitoneal approach.

For tumours located between the left renal artery and left 
renal vein, we chose a placement of 4 trocars as follows: two 
10-mm trocars were placed just above the umbilical and below 
the left sternum, and two 5-mm trocars were placed in the right 
hypochondrium and the left anterior axillary line, respectively. 
We have found this to be a very suitable approach because 
it reveals a wide surgical field, which allowed an evaluation 
of all the organs and especially the blood vessels around the 
tumour. In our case, the tumour also invaded the left renal 
vein. Therefore, a wide and clear disclosure would make it 
easier and safer to remove the tumour and suture the invasive 
blood vessel. As a result, the intraoperative blood loss, in 
this case, was 140 ml and the surgery time was 180 minutes. 
In a study by S. Hattori, et al. (2014) [15] who performed 
surgery on 9 cases of paragangliomas, the operation time was 
189.8±44.9 minutes and the intraoperative blood loss was 
about 404.9 to 1036.3 ml. It can be seen that our surgery time 
was similar, but we had a much lower amount of blood loss 
intraoperatively compared to this study. However, choosing 
this approach will make it difficult for the surgeon to reveal 
the tumour when moving the colon, spleen, and especially the 
distal pancreas. All manipulations have the risk of damaging 
organs and causing complications intra- and post-operatively.

Paraganglioma often occurs around the great vessels in the 
retroperitoneum and the location of the tumour significantly 
affects the difficulty of procedure. T. Hakariy, et al. (2019) 
[16] reported a case of paraganglioma located posterior to the 
IVC and bilateral renal veins. In that study, five trocars were 
placed in the abdomen as follows: one 10-mm trocar above 
the umbilicus and proximal to the right white line for camera 
placement, two 12-mm trocars placed below the right costal 
margin deviated to the sternal and in the longitudinal side 
of the right white line with the level of the umbilicus, and 
two 5-mm trocars placed in the right anterior axillary line, 
respectively. The process of approaching the tumour: dissection 
of the tumour from the underside of the liver, dissection of the 
tumour from the right renal vein, left renal vein, right kidney, 
and AA. It was identified that there were two veins going 
from the tumour that drained into the IVC, then resection was 
performed. The tumour was separated from the AA and the two 
arteries supplying the tumour were cut off; then, dissection 
of the tumour from the renal artery continued. Finally, the 
tumour was released from the IVC and completely removed 
from the surrounding surgery. In this case, the most difficult 
and dangerous step in the surgical procedure was dissecting the 
tumour from the IVC. Therefore, in order to safely release it, the 
author dissected tissue surrounding the tumour and achieved 
tumour mobility before separating the tumour from the IVC. In 
addition, the tumour was located between the right renal vein 
and the right renal artery. These vessels were all dissected from 
the tumour intact. The operation time was 231 minutes, and the 
blood loss was about 200 ml. The tumour was located behind 
many large blood vessels, and, although many reports suggest 
that the retroperitoneal approach is feasible, safer, and faster, 
the authors chose the transperitoneal approach instead of the 
retroperitoneal approach because it can provide a wide surgical 
field and make it easy to realise the anatomical relationship 
between the tumour and the surrounding components in the 
abdominal cavity. If necessary, this approach can be converted 
to open surgery.

It is important to control blood pressure pre-, peri- and 
post-operatively. Patients should be given anti-alpha- or 
beta-adrenergic drugs in preoperative preparation [17]. One 
note to the surgeons is to limit the impact on the tumour 
hemodynamically by ligating the adrenal vein early. According 
to N. Rao, et al. (2016) [18], the rate of using antihypertensive 
drugs after surgery depends on the number of episodes of 
hypertension and the degree of impact on the adrenal gland 
during surgery. Anaesthesiologists need to coordinate 
with surgeons to use invasive arterial blood pressure or 
antihypertensive drugs during the procedure. Intraoperative 
hemodynamic instabilities typically include hypertension 
before tumour removal and hypotension after tumour isolation. 
Because of this, the American Society of Anaesthesiologists 
recommends using central venous access and invasive blood 
pressure (IBP) monitoring. Hypertension and bradycardia/
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tachycardia due to norepinephrine (NE) secretion should be 
managed with short-acting and potent vasodilators such as 
sodium nitroprusside and nitroglycerine or esmolol, a short-
acting beta-receptor antagonist [17]. After ligation of the adrenal 
veins and tumour removal, many patients may experience a 
sudden drop in blood pressure (hypotension) and may require 
vasopressor support. Indeed, treatment of paraganglioma is 
a complicated process and it is imperative that the surgeon 
consult and closely coordinate with many specialties such as 
endocrinology, cardiology, and anaesthesiology to form an 
appropriate strategy [19].

4. Conclusions
Paraganglioma is a rare disease that is located frequently 

in para-aortic region, which makes it difficult to manage 
laparoscopically. However, lateral transperitoneal laparoscopic 
surgery is a safe and effective treatment, especially for tumours 
in difficult locations. Our tumour approach provides a wide 
field of view, which clearly reveals the tumour and surrounding 
components, especially adjacent large blood vessels. In 
addition, full observation of the abdominal viscera is another 
advantage of this method, which can be used to investigate 
any other abnormalities in the region. The treatment of 
paraganglioma requires the coordination of endocrinologists, 
cardiologists, surgeons, and anaesthesiologists for the most 
appropriate treatment strategy and follow-up. 
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1. Introduction
COVID-19 is a severe acute respiratory syndrome (SARS) 

caused by a novel strain of coronavirus named SARS-CoV-2. This 
virus has been reported to be a highly transmissible and pathogenic 
coronavirus that arose in late 2019 from Wuhan, China [1] and has 
sparked a pandemic, posing a significant threat to human health, 
public safety, and many other aspects [2]. To date, more than 163 
million cases have been confirmed with more than 3.37 million 
deaths related to COVID-19 worldwide as of May 16th, 2021 [3]. 

Similar to other coronaviruses, the genome of SARS-CoV-2 
consists of a positive-sense single-stranded RNA molecule ranging 
from 26 to 32 kb in size, which was believed to have emerged 
from bats. However, there is no strong evidence to ensure its 
zoonotic origin [4]. Coronavirus particles are spherical in shape 
with diameters between 80 and 160 nm. The genetic structure of 
SARS-CoV-2 contains 4 structural proteins and 16 non-structural 
proteins with the arrangement of open reading frames (ORFs) as 
replicase and protease (1a-1b) and other major glycoproteins like 

Spike (S), Envelope (E), Membrane (M), and Nucleocapsid (N) 
proteins following a typical 5’-3’ order [5]. Among these, the spike 
protein (S) coats the envelope surface and is responsible for virus 
penetration into host cells while membrane (M) and envelope (E) 
proteins cover the membrane. Also, in the SARS-CoV-2 genome, 
there is an essential gene for virus replication called the RdRp 
(RNA-dependent RNA polymerase) gene in the ORF1ab sequence, 
which is highly conserved and specific for this virus strain [6]. 
SARS-CoV-2 possesses many virulence factors that play an 
important role in the invasion, escape, and multiplication in host 
cells. This virus has the ability to stay in the human body for a very 
long time until it causes illness in the respiratory, digestive, and 
nervous systems of humans and other animals [7].

In order to manage COVID-19, the first step requires a rapid 
and accurate detection of SARS-CoV-2. Remarkably, the WHO has 
recommended reverse transcription-polymerase chain reactions 
(RT-PCR) targeting the E gene and RdRp gene for the confirmation 
of SARS-CoV-2 diagnosis. The establishment of positive standard 
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CoV-2. The cDNA library of the targeted genes of SARS-CoV-2 was generated by using long-primers named sMn1 
forward/reverse primer (E gene) and sMn2 forward/reverse primer (RdRp gene) for self-priming PCR assays. The 
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into a pGEM-T easy vector, then transformed into E. coli competent cells by conventional methods. The recombinant 
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sizes of 216 and 214 bases for sMn1- E and sMn2- RdRp gene, respectively. Furthermore, we effectively evaluated 
the in-vitro transcribed RNA by a one-step, real-time RT-PCR assay according to the standard WHO protocol. The 
stability of in-vitro RNA over a 6-month storage period was then investigated. In conclusion, our assay for in-vitro 
synthesis of RNA fragments transcribed from self-priming amplicons were successfully established and thus these 
positive standards were useful for molecular diagnosing of SARS-CoV-2.
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sources play a critical role in development and assessment of 
diagnostic kits as patients’ specimens are not available for every 
laboratory. Besides, for virus culturing, these samples require 
handling in biosafety level 3 laboratories. Therefore, plasmids or 
RNA containing the target sequence of SARS-CoV-2 need to be 
prepared. Therefore, this study focused on the establishment of 
a novel assay for in-vitro transcribed RNA as positive standards 
based on amplicons of the self-priming PCR targeting envelope 
protein gene and RdRp gene of SARS-CoV-2.

2. Materials and methods
2.1. Envelope protein gene and RdRp gene cloning of SARS-

CoV-2 in E. coli

E gene and RdRp gene construction and amplification: Using 
primer design software, the specific primers sMn1-Fwd/Rev 
(E gene) and sMn2-Fwd/Rev (RdRp gene) (Nucleotide position 
26248 to 26366 and 15422 to 15538, GenBank accession no. 
NC_045512.2, respectively) were designed to amplify the target 
nucleotide sequence of the E and RdRp genes from SARS-
CoV-2 (Table 1). Self-priming refers to the folding back of 
oligonucleotides. Given the advantage of self-priming that allows 
amplification initiation without the need for a DNA template, the 
forward and reverse primer were designed to interact with each 
other to form the double-stranded DNA fragments of interest. The 
self-priming PCR process consisted of denaturation (95oC/5 min), 
annealing and amplifying (94oC/30 s, 40oC/30 s, 72oC/40 s) for 
35 cycles, followed by final extension step at 72oC/7 min. The 
PCR products (119 and 117 bp in length) were analysed by 
electrophoresis in a 1.2% agarose gel with ethidium bromide then 
purified by a PCR purification kit (Thermo Scientific, USA).
Table 1. Primers and probes used for this study.

No Primer/
probe Sequence (5’-3’) Target 

gene Reference

1 sMn1-F GAGACAGGTACGTTAATAGTTAATAGCGTACTTCTT
TTTCTTGCTTTCGTGGTATTCTTGCTAGTTACAC Envelope This study

2 sMn1-R ACAATATTGCAGCAGTACGCACACAATCGAAGCGC
AGTAAGGATGGCTAGTGTAACTAGCAAGAATACCA Envelope This study

3 sMn2-F AATATTGAGTGAAATGGTCATGTGTGGCGGTTCACT
ATATGTTAAACCAGGTGGAACCTCATCAGGAGAT RdRp This study

4 sMn2-R CAGCTGACAGCTTGACAAATGTTAAAAACACTATTAG
CATAAGCAGTTGTGGCATCTCCTGATGAGGTTC RdRp This study

5 qPrimer1 ACAGGTACGTTAATAGTTAATAGCGT Envelope [8]

6 qPrimer2 ATATTGCAGCAGTACGCACACA Envelope [8]

7 nCoV-F GTGAAATGGTCATGTGTGGCGG RdRp [9]

8 nCoV-R CAAATGTTAAAAACACTATTAGCATA RdRp [9]

9 nCoVE_pr /56-FAM/ACACTAGCCATCCTTACTGCGCTTCG /3BHQ_1/ Envelope [8]

10 nCoV_pr /56-FAM/ CAGGTGGAACCTCATCAGGAGATGC /3BHQ-1/ RdRp [9]

Cloning of E gene and RdRp gene in E. coli DH5α: The 
purified PCR products were inserted directly into pGEM-T easy 
vector (Promega, USA) (Fig. 1) and transformed into E. coli DH5α 
competent cells by heat shock at 42oC/90 s. Then, recombinant 
plasmids were tested by a SspI restriction enzyme (Thermo 

Scientific, USA). The targeted sequences were then identified by 
Sanger method, and MegaX software was used to compare and 
analyse against other determined sequences on GenBank.
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Fig. 1. The pGEM-T easy vector (pGEM-T easy vector systems, 
Promega, USA).

2.2. In-vitro synthesisation of E protein gene and RdRp gene 
of SARS-CoV-2

After analysis, the recombinant plasmid containing the sMn1/
sMn2 sequence was cleaved at one point downstream of the T7 
promoter and the segment to be transcribed using NdeI restriction 
enzyme creating a linear strand. The RNA product was then 
purified (PCR purification kit - Thermo Scientific, USA) for RNA 
in-vitro synthesis.

Synthesisation of the E and RdRp genes of SARS-CoV-2: 
Reaction components were 5X TranscriptAid Reaction buffer 4 μl; 
NTP mix (25 mM) 8 μl; TranscriptAid Enzyme Mix 2 μl (Thermo 
Scientific, USA); and DNA plasmid 6 μl; DEPC - treated water 
added up to the total volume of 20 μl. RNA in-vitro was synthesised 
at 37oC in 2 h. DNAseI was used to remove any remaining DNA at 
37oC in 1.5 h. The RNA product was purified by QIAGEN RNeasy 
Mini kit (Qiagen, Germany) following the conventional protocol. 
Purified RNA were stored at -80oC for any further experiment (Fig. 2).

Fig. 2. Diagram of the experimental procedure for in-vitro 
transcribed RNA as positive standards based on amplicons of 
self-priming PCR targeting the E gene and RdRp gene of SARS-
CoV-2.

A NanoDrop ND-1000 spectrophotometer (Thermo Fisher 
Scientific, Wilmington, USA) was used to quantify and assess the 
purity of the purified RNA. Also, their molecular size was visualised 
by conducting one-step RT-PCR (Qiagen, Germany) on 1.2% 
agarose gel electrophoresis. Following up with the WHO protocol 
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for one-step, real-time RT-PCR using Superscript III one-step RT-
PCR system with Platinum Taq Polymerase (Thermo Scientific, 
USA), the primer qPrimer(1+2), probe nCoVE-pr and primer 
nCoV Fwd/Rev, probe nCoV_pr were used for the reaction of 
in-vitro synthesised RNAs sMn1 and sMn2, respectively (Table 1) 
[8]. After analysis by Sanger sequencing, the in-vitro transcribed 
RNAs were stored at -80oC to determine their stability after 1, 3, 
and 6 months using one-step real-time RT-PCR assays.

3. Results and discussion
3.1. Cloning envelope protein gene and RdRp gene of SARS-

CoV-2 in E. coli

Observation from gel electrophoresis results of PCR products 
of primer sMn1 Fwd/Rev and sMn2 Fwd/Rev, the synthesising 
process succeeded with significant bands corresponding to sizes of 
119 bp and 117 bp each (Fig. 3A). 
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Fig. 3. (A) Self-priming PCR products of sMn1 (E gene) and sMn2 (RdRp gene) of 

SARS-CoV-2; (B) Recombinant plasmids of sMn1 and sMn2 after being cleaved 

by Ssp I restriction enzyme. Lane M100, 100 bp DNA ladder (Thermo Scientific, 

USA); Lane M1kb, 1kb DNA ladder (Thermo Scientific, USA) 
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each envelope protein gene and RdRp gene. sMn1 (E gene) was synthesised using sMn1 

Fwd/Rev primers and, similarly, sMn2 Fwd/Rev for sMn2 (RdRp gene). 

     The pGEM-T easy vector was chosen for its advantages in the cloning process 

such as its small size of 3015 bp and numerous restriction sites within the multiple 

cloning regions. Also, these are high-copy-number vectors in E. coli containing T7 and 

SP6 RNA polymerase promoters flanking a multiple cloning region within the α-peptide 

coding region of the enzyme β-galactosidase. Insertional inactivation of the α-peptide 

allows the identification of recombinants by blue/white screening on indicator plates. 

Recombinant plasmids were checked by SspI restriction enzyme and sequencing. Their 

sizes were calculated to be 3134 and 3132 bp. Digestion by the SspI restriction enzyme 

resulted in three specific bands equivalent to approximately 0.18, 0.75, and 2.2 kb as 

measured. Recombinant plasmids were then confirmed by Sanger sequencing. 

     Sequencing results proved that the cloned genes are exactly sMn1/2 belonging to 

the E and RdRp genes of SARS-CoV-2. The comparison consequences indicated two 

point mutations on the sMn2 sequence at positions of G02 → A02 and T32 → C32, while 
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Fig. 3. (A) Self-priming PCR products of sMn1 (E gene) and sMn2 
(RdRp gene) of SARS-CoV-2; (B) Recombinant plasmids of sMn1 
and sMn2 after being cleaved by Ssp I restriction enzyme. Lane 
M100, 100 bp DNA ladder (Thermo Scientific, USA); Lane M1kb, 1kb 
DNA ladder (Thermo Scientific, USA).

As the SARS-CoV-2 genome contains positive-sense single-
stranded RNA, forward and reverse primers were designed to 
create the gene fragment of interest for each envelope protein gene 
and RdRp gene. sMn1 (E gene) was synthesised using sMn1 Fwd/
Rev primers and, similarly, sMn2 Fwd/Rev for sMn2 (RdRp gene).

 The pGEM-T easy vector was chosen for its advantages in the 
cloning process such as its small size of 3015 bp and numerous 
restriction sites within the multiple cloning regions. Also, these 
are high-copy-number vectors in E. coli containing T7 and SP6 
RNA polymerase promoters flanking a multiple cloning region 
within the α-peptide coding region of the enzyme β-galactosidase. 
Insertional inactivation of the α-peptide allows the identification 
of recombinants by blue/white screening on indicator plates. 
Recombinant plasmids were checked by SspI restriction enzyme 
and sequencing. Their sizes were calculated to be 3134 and 3132 
bp. Digestion by the SspI restriction enzyme resulted in three 
specific bands equivalent to approximately 0.18, 0.75, and 2.2 
kb as measured. Recombinant plasmids were then confirmed by 
Sanger sequencing.

Sequencing results proved that the cloned genes are exactly 
sMn1/2 belonging to the E and RdRp genes of SARS-CoV-2. The 
comparison consequences indicated two point mutations on the 
sMn2 sequence at positions of G02  A02 and T32  C32, while the 

sMn1 sequence was completely identical to all other 4 reference 
sequences. The important takeaway from sequence analysis is 
to verify if the sequences of interest were cloned into the exact 
position downstream to the T7 promoter of pGEM-T easy vector, 
therefore confirming that the transcribed in-vitro RNA afterward 
will be specifically a positive-sense, single-stranded RNA of 
SARS-CoV-2. The plasmids containing the targeted genes are 
named as pGEMT_sMn1_E and pGEMT_sMn2_P (Fig. 4).
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of SARS-CoV-2 and other 4 reference Coronavirus SARS-CoV-2 
strains on Genbank. Reference sequences are named in order of their 
code, name, and origin.

3.2. In-vitro synthesisation of envelope protein gene and 
RdRp gene of SARS-CoV-2

While the envelope protein gene (E) is a “universal” gene that 
codes for envelope proteins that are found in all coronaviruses, 
the RNA-dependent RNA polymerase gene (RdRp) of the ORF1ab 
sequence was found only in SARS-CoV-2. Given the importance 
of RdRp for viability and replication/transcription of RNA viruses, 
mutations in this gene are statistically less likely to occur [10]. 
Thus, numerous studies using these two genes have been provided 
to indicate SARS-CoV-2 based on real-time RT-PCR techniques. 
Our study focused on the highly conserved genomic region of the 
envelope protein and RdRp for cloning and transcription of in-vitro 
RNA, thus producing positive standards for further SARS-CoV-2 
molecular diagnostic studies. 

Transcription of in-vitro RNA was generated after the cleavage 
of the NdeI restriction enzyme to linearize the recombinant 
vectors. The NdeI enzyme was chosen as it has only one cleavage 
site on the recombinant plasmid at the position of 97 bp after the 
T7 promoter, which makes sure the process of transcription will 
result in a specific target RNA. 

Theoretically, successfully transcribed in-vitro RNA sMn1 
would have 216 bases and 214 bases for sMn2. Gel electrophoresis 
of the in-vitro-transcribed RNA showed clear bands and no by-
products (Data not shown). The in-vitro transcribed RNA of the E 
and RdRp targets had concentrations of 200-800 ng/µl and A260/
A280 ratios of 2.0-2.2. The number of copies was calculated by an 
online tool from http://www.scienceprimer.com [11] based on the 
concentration and the length of these single stranded RNAs, then 
RNA stocks were diluted into a series of 10-times concentration 
from 10-1 to 106 copies/ml. All diluted RNA solutions were used as 
RNA templates for a real-time RT-PCR following WHO’s protocol 
to confirm the in-vitro-transcribed RNA. Fig. 5 shows that the 
targeted RNAs were successfully created. Additionally, their 
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stability during 1, 3, and 6 months of conservation shows equivalent 
results on one specific concentration (Data not shown).
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Fig. 5. Evaluation of quality of in-vitro transcribed RNA of sMn1 and 
sMn2 using the standard WHO protocol for SARS-CoV-2 detection 
by real-time RT-PCR. (A) sMn1 and (B) sMn2; S1-S8: in vitro RNA was 
diluted to the concentration of 106-10-1 copies/ul; NC: negative control.

In order to create a positive standard source enabling SARS-CoV-2 
detection based on real-time RT-PCR, this study has proposed two 
cloned and transcribed in-vitro RNAs. Due to the properties of stability 
and ease of cloning into E. coli cells, plasmid-carrying target genes are 
normally used to establish positive standards. In spite of that, plasmids 
are only suitable for subjects with DNA as their genetic material. In this 
particular case, since SARS-CoV-2 uses RNA as its genetic material, the 
ideal positive standard must be RNA. Hence, in-vitro-transcribed RNA 
has been accessed by many studies [12-14].  

Generally, two approaches are used to synthesise in-vitro RNA: 
direct transcription and indirect transcription through cloning. With 
direct transcription, RNA is produced using PCR products containing T7 
promoter sequences at their 5’-end. This can be achieved by designing 
PCR primers having 5’-overhang ends including the T7 promoter [15, 
16]. Meanwhile, for indirect transcription, no special design of the PCR 
primers is required, and plasmids are easily cloned with large amounts 
as the T7 promoter sequence was provided in the cloning vectors. 
On the other hand, through cloning techniques, target genes can be 
sustainably stored in plasmids as well as in E. coli cells. Our research 
had constructed an in vitro-transcribed RNA protocol of the E protein 
gene and RdRp gene of SAR-CoV-2 by indirect transcription resulting 
in RNA with relatively high purity when compared to direct assays [15, 
16] and also higher than that of the in-vitro RNA synthesised according 
to Akyurek, et al. (2021) with about 108 copies/μl (approx. 0.0536 ng/μl) 
[13] and P.T. Lan, et al (2020) [17] for 7.94 x1011 copies/μl.

4. Conclusions
This study successfully generated in-vitro-transcribed RNA coding 

for a specific fragment of the envelope protein gene (sMn1) and the 
RdRp gene (sMn2) of SARS-CoV-2 with concentrations of 200-800 ng/
µl and A260/A280 ratios of 2.0-2.2 for sMn1 and sMn2. The in-vitro 
RNAs were tested for their content, purity, RNA electrophoresis, one-
step real-time RT-PCR, and sequencing to confirm target fragments 
included in each RNA molecule. The stability of in-vitro RNA over a 
6-month storage period was investigated. This experiment establishes 
a fundamental assay for the production of positive standards for RNA-
based molecular techniques.
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1. Introduction
PTC is the most common malignant thyroid disease, accounting for 

45-80% of all thyroid cancers. The BRAF (B-isoform of Raf kinase) 
V600E mutation is common in PTC, with a reported frequency of 
25-82.3% [1, 2]. The mutant BRAF protein activates serine/threonine 
BRAF kinase, which can activate mitosis. BRAF V600E also causes 
metalloprotease overexpression in the matrix, thereby increasing the 
mobility and spread of tumour cells. BRAF mutations have been 
detected in 20-80% of thyroid papillary carcinomas with favourable 
prognoses, and high frequencies of mutant BRAF are more common 
in papillary than in follicular variants [3-5].

The BRAF V600E mutation has been associated with age, lymph 
node metastasis, extra-thyroid expansion, tumour, node, metastasis 
(TNM) stage, lymph node metastasis, recurrence, and reduced 
survival but not distal metastasis [6-9]. However, several studies on 
the association between the BRAF V600E mutation and unfavourable 
clinical features in PTC showed controversial results and therefore, 
the association between BRAF V600E mutation and the clinical 
prognosis of PTC needs to be confirmed [10, 11]. Meanwhile, other 
studies have demonstrated that characteristics of the unfavourable/
aggressive histological variant group (columnar cell, tall cell, hobnail, 
solid/trabecular) include large tumour size, extra-thyroid expansion, 
early lymph node metastasis, and high recurrence rate. Favourable 
histological variants (microcarcinoma, encapsulated, follicular, and 
cribriform) often have opposite characteristics [3, 4, 12].

Patients who have PTCs with the BRAF V600E mutation have 
a 1.5-2.1-times higher risk of disease recurrence, extrathyroidal 
expansion, lymph node metastasis, and TNM stage than patients 
carrying tumours with wild-type BRAF genotype [13]. According to 
the American Thyroid Association (ATA) guidelines, the BRAF V600E 
mutation is one of the risk stratification factors for PTC according to 
ATA guidelines [14]. The mutant-specific BRAF antibody is useful in 
detecting the BRAF V600 mutation with more than 95% sensitivity 
and specificity. Indeed, antibodies specific to BRAF mutations may 
be more sensitive than molecular tests in detecting BRAF V600E 
mutations [15-19]. Recently, targeted treatments based on the 
expression of mutant BRAF protein in thyroid cancer, especially the 
papillary variant, has increased with quite satisfactory results [20-22]. 
Thus, the precise identification of aggressive histological variants of 
the PTC and BRAF V600E mutation status is crucial in preventing 
sub-optimal or inappropriate patient treatment [12].

The presence of aggressive variants significantly impacts the 
prognosis and treatment of patients with PTC based on the ATA 
guidelines. The identification of aggressive variants can modify 
the therapeutic approach, especially in small thyroid tumours [14]. 
Therefore, this study aims to determine the relationship between 
BRAF V600E immunoexpression and clinicopathological variant 
groups (e.g., aggressive and favourable variants, tumour size, lymph 
node metastasis, and distal metastasis) of PTC.

Association of BRAF V600E immunoexpression with 
clinicopathological variant groups in papillary thyroid carcinoma

Hung Nguyen Van1, 2*, Thanh Nguyen Tuan3, Minh Tran Ngoc2, 3, Tuyen Pham Van1, 3, Luan Dao Thi1, 2

1Department of Pathology, Hanoi Medical University, 1 Ton That Tung Street, Trung Liet Ward, Dong Da District, Hanoi, Vietnam
2Department of Pathology, Hanoi Medical University Hospital, 1 Ton That Tung Street, Trung Liet Ward, Dong Da District, Hanoi, Vietnam

3Centre of Pathology and Cytopathology, Bach Mai Hospital, 78 Giai Phong Street, Phuong Mai Ward, Dong Da District, Hanoi, Vietnam

Received 24 December 2021; revised 11 February 2022; accepted 25 March 2022

                                               
*Corresponding author: Email: nguyenvanhung@hmu.edu.vn 

Abstract:

The detection of BRAF V600E immunoexpression in papillary thyroid carcinoma (PTC) is extremely important because of its 
association with poor prognosis. Is poor prognosis really associated with all histological variants of thyroid papillary carcinoma? 
To contribute to this elucidation, using the BRAF V600E mutation-specific antibody, the present study was performed to 
determine the association between BRAF V600E immunoexpression and clinicopathological variant groups of PTC. Tumour 
tissue samples collected from 95 patients with papillary thyroid cancer and tumour size <3.5 cm in diameter were processed 
by routine microscopic technique and using Ventana Benchmark XT automated stainer. BRAF V600E immunoexpression in 
the group of the aggressive clinicopathological group is directly proportional to lymph node and distal metastasis (p=0.005) 
in contrast to the favourable clinicopathological group. Finally, the lymph nodal and distal metastasis (poor prognosis) of the 
aggressive clinicopathological group of PTC can be better predicted when combining BRAF V600E immunostaining with 
conventional histopathological technique, conversely, these results could not be achieved in the favourable clinicopathological 
group. These findings suggest that BRAF V600E immunoexpression is a potential candidate for the prognosis of the aggressive 
clinicopathological group.

Keywords: BRAF V600E immunoexpression, favourable and aggressive clinicopathological groups, papillary thyroid carcinoma.

Classification number: 3.2 

DOI: 10.31276/VJSTE.64(4).64-69



65DECEMBER 2022 • VOLUME 64 NUMBER 4

LIFE SCIENCES | MEDICINE

2. Materials and methods
2.1. Tissue samples

Ninety-five patients with primary PTC who underwent an initial 
operation (total thyroid lobectomy with or without lymph node 
dissection) at the Hanoi Medical University Hospital, Vietnam, 
between October 2019 and June 2020 were enrolled in this 
retrospective study. Recurrent PTCs, secondary thyroid carcinomas, 
and thyroid tumours ≥3.5 cm in size were excluded. PTC tissue 
samples were obtained from patients residing in the northern regions 
of Vietnam.

Data were obtained from archived records including age, sex, 
lymph node metastasis, distal metastasis, histological type, primary 
tumour location, and tumour size. The corresponding slides and 
tissue samples embedded in paraffin blocks were also obtained. 
Formalin-fixed paraffin-embedded tissue blocks were used to prepare 
hematoxylin and eosin slides to determine areas of tumour cells. 
The identification of histological variants of PTC was based on the 
histological classification of thyroid cancer by the World Health 
Organization in 2017 [4].

Based on clinical behaviour, aggressive (high-risk) and favourable 
prognosis groups were identified among the PTC variants [12, 23]. The 
favourable prognosis group consisted of four variants: microcarcinoma, 
encapsulated, follicular, and cribriform. The clinically high-risk 
aggressive group (ability to penetrate and metastasize early and extra-
thyroid expansion) also consisted of four variants: tall cell, columnar 
cell, hobnail, and solid/trabecular. The histological characteristics 
of the aggressive variant group were as follows: tall cell variant, 
≥30% tall cells (height twice their width) with oncocytic cytoplasm; 
columnar cell variant, columnar cells with pseudostratified nuclei, 
no eosinophilic cytoplasm, and hypercellular neoplasm with thin 
papillary and glandular structures (the nuclear characteristics of this 
variant are not as clear as that for classic PTC); solid/trabecular, 
solid nested variant, lack of tumour necrosis, and absence of marked 
mitotic activity; and the hobnail variant, ≥30% hobnail cells, 
micropapillary growth patterns, and high nuclear/cytoplasmic ratio. 
The clinicopathological characteristics included large tumour size, 
diffuse tumours, extra-thyroid expansions, patient age (50-60 years) 
or infiltrative form with extra-thyroid expansion, rapid growth rate, 
early lymph node metastasis, high rate of recurrences, and higher risk 
of metastasis. Wild-type BRAF expression was more common than the 
BRAF V600E point mutation [3-5, 23, 24].

Distal metastases were evaluated via retrospective data analysis 
of imaging studies (scintigraphy) or histopathologic examination of 
resected tumours and/or metastases. In the present study, lymph node 
metastases were usually cervical ones. Distal metastases appeared 
in the lungs and/or mediastinal lymph nodes. This study has been 
reviewed and approved by the Ethics Committee of Hanoi Medical 
University and adheres to the ethical standards laid down in the 
Declaration of Helsinki amended by the World Medical Association 
(WMA) General Assembly, Seoul, Korea, October 2008.

2.2. Immunohistochemistry

Tissue slices (4-5 μm) were dried, dewaxed, and rehydrated. 
Immunostaining was performed using a Ventana Benchmark 
XT automatic stainer. A kit with BRAF V600E mutant-specific 
antibody (diluted 1:100, VE1, mouse monoclonal, LOT: E12804, 

RFF 790-4855, VENTANA) was used. An OptiView DAB 
immunohistochemistry (IHC) detection kit (Roche Diagnostics), 
which included pre-treatment with cellular conditioner 1 (pH 8.5) 
for 64 min, was used for visualization of antibody binding. Tissue 
slices were then incubated at 37oC with the VE1 antibody for 16 
min. Incubation of the antibodies was followed by back-staining 
with hematoxylin and bluing reagent at room temperature for 4 
min each. Subsequently, the immunostaining slides were removed, 
washed with a drop of dishwashing detergent, and mounted.

A Nikon optical microscope (Nikon Microscope ECLIPSE Ci-L, 
Epi-FL 4) was used to assess immunostaining. Immunostaining for the 
BRAF V600E antigen was considered positive when the cytoplasm 
of the tumour cells was reddish-brown. A BRAF V600E-positive 
colorectal adenocarcinoma was used for the positive control and a 
section with no primary antibody incubation was the negative control. 
Interpretation of immunostaining results was performed by two 
pathologists (HNV, TNT), who were blinded to the clinical evidence.

2.3. Scoring of BRAF V600E immunoreactivity

IHC results were reported as a function of tumour cells with 
cytoplasmic staining as follows: 0, no colouring or weak colouring 
intensity of 10% or less of tumour cells; 1+, weak colouring in more 
than 10% of tumour cells; 2+, moderate colouring in over 10% of 
tumour cells; and 3+, strong colouring in over 10% of tumour cells. The 
tumour was considered positive at 1+ or higher and negative at 0 [25].

2.4. Statistical analysis

Statistical analyses were accomplished using SPSS 17.0 for 
Windows (SPSS, Inc., Chicago, IL, U.S.A.). The link between 
the BRAF mutation and the clinicopathologic characteristics was 
analysed using an r-Pearson correlation, p-value. Differences were 
considered to be statistically significant at p<0.05.

3. Results
3.1. Patient characteristics

The clinicopathological features of PTC are shown in Table 1. 
Ninety-five patients with PTC were included in the study; 90.6% of 

Table 1. Clinicopathological features of PTC.

Variables n (%)
Gender

Male 9 (9.4)
Female 86 (90.6)

Age (y)
10-19 1 (1.1)
20-29 9 (9.5)
30-39 23 (24.2)
40-49 34 (35.8)
50-59 17 (17.9)
≥60 11 (11.6)

Location
Right lobe 47 (49.5)
Left lobe 41 (43.1)
Isthmus 7 (7.4)

Size
<1 cm 22 (23.2%)
1-<2 cm 67 (70.5%)
2-3.5 cm 6 (6.3)
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patients were female (female:male ratio of 9.5:1). Patient ages ranged 
from 18-68 years (mean: 43.2±11.2 years). The highest number of 
cases were in the 40-49 years age group (35.8%, 34 cases), followed 
by 30-39 years (24.2%, 23 cases). Patients aged 10-19 years accounted 
for the lowest number of cases (1.1%, 1 case).

Tumours appeared in the right lobe in 47 patients (49.5%) and the 
left lobe in 41 patients. Seven patients had a tumour in the isthmus. 
No patients had tumours in both lobes. The minimum tumour size was 
0.3 cm and the largest tumour size was 3.2 cm The average tumour 
size was 2±0.4 cm. Tumours were ≤1 cm in size in 22 cases (23.2%), 
1-2 cm in 67 cases (70.5%), 2-3 cm in 5 cases, and 3.2 cm in 1 case.

3.2. Histopathological and immunohistochemistry characteristics

Table 2 shows that eleven variants of PTC were identified. The 
most common variants were conventional (26 tumours, 27.4%), 
microcarcinoma (22 tumours, 23.2%), and fasciitis-like stroma (16 
tumours, 16.8%). The remaining 31 tumours consisted of eight PTC 
variants, including the clear cell variant. Four variants of PTC were 
not identified in the study population including diffuse sclerosing, 
oncocytic, spindle cell, and Warthin-like (Fig. 1).

Table 2. Correlation of histological variants with BRAF V600E in 
thyroid papillary carcinoma.

Histology BRAF V600E

Histological variants n (%) BRAF+ (n, %) BRAF- (n, %)

Conventional 26 (27.4) 22 (84.6) 4 (15.4)

Follicular 6 (6.3) 2 (33.3) 4 (66.7)

Encapsulated 4 (4.2) 3 (75) 1 (25)

Microcarcinoma 22 (23.2) 17 (77.3) 5 (22.7)

Tall cells 8 (8.4) 5 (62.5) 3 (37.5)

Columnar cells 3 (3.2) 1 (33.3) 2 (66.7)

Cribriform 3 (3.2) 1 (33.3) 2 (66.7)

Hobnail 2 (2.1) 2 (100) 0

With fibromatosis/
fasciitis-like stroma 16 (16.8) 10 (62.5) 6 (37.5)

Solid/trabecular 4 (4.2) 2 (50) 2 (50)

Clear cells 1 (1.1) 1 (100) 0

Total 95 (100) 66 (69.5) 29 (30.5)

r-Pearson correlation =-0.325; p=0.01.

Positive BRAF V600E immunostaining was detected in 66 
tumours (69.5%) while 28.4, 29.5, and 11.6% had immunostaining 
scores of 3+, 2+, and 1+, respectively. The remaining 29 tumours 
(30.5%) were negative for BRAF expression. BRAF V600E 
immunoexpression is associated with histological variant and was 
more common in the following variants: conventional (84.6%), 
encapsulated (75%), microcarcinoma (77.3%), tall cell (62.5%), 
hobnail (100%), fasciitis-like (62.5%), clear cell (100%), and 
less in variants: follicular, columnar, and cribriform (same at 
33.3%) (r-Pearson correlation=-0.325; p=0.01) (Table 2). Thus, 
the high frequency of BRAF V600E immunoexpression is in both 
aggressive and non-aggressive variants.

The associations between positive BRAF expression and 
clinicopathologic factors are shown in Table 3. Tumours were 
positive for BRAF V600E in 66.7% of men and 69.8% of women 
(p>0.05). BRAF V600E-positive tumours tended to decrease 
with age from 88.9% (20-29 years) to 58.8% (50-59 years), then 
increase in the >60 years age group (90.9%). The differences 
according to age were significant (p<0.05). The highest incidence 
of BRAF V600E expression was found in tumours of the right 
lobe (74.5%), left lobe (65.9%), and isthmus (57.1%). Differences 
in positive BRAF immunostaining rate by tumour location were 
not statistically significant (p=0.332).

In the favourable histological group, 3/78 tumours (3.8%) 
with node metastasis were positive for BRAF V600E (p=0.636). 
In the aggressive histological group, 10/17 tumours (58.8%) with 
nodes and distant metastasis (3 lung metastases and 2 mediastinal 
metastasis) were positive for BRAF V600E (p=0.005). BRAF 
V600E immunoexpression was associated with patient age 
(p=0.039), histological variants (r-Pearson correlation=-0.325; 
p=0.01), and metastasis in the aggressive histological group 
(p=0.005), but not with gender, tumour location, or tumour size 
(Table 3).
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Fig. 1. Variants of PTC. (A) Columnar cell variant; (B) BRAF (++), 
columnar cell variant; (C) Follicular variant; (D) Encapsulated 
variant; (E) BRAF (+), encapsulated variant; (F) Tall cell variant; (G) 
Conventional variant; (H) BRAF (+++), conventional variant; (I) Solid 
variant. [H&E (A,C,D,F,G,I) and immunoperoxidase (B,E,H) stain; 
original magnification: 20x (large box) and 40x (inserts)].  
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Fig. 1. Variants of PTC. (A) Columnar cell variant, (B) BRAF (++), columnar cell variant, 
(C) Follicular variant, (D) Encapsulated variant, (E) BRAF (+), encapsulated variant, (F) 
Tall cell variant, (G) Conventional variant, (H) BRAF (+++), conventional variant, (I) Solid 
variant. [H&E (A,C,D,F,G,I) and immunoperoxidase (B,E,H) stain; original magnification: 
20x (large box) and 40x (inserts)].   

 
Table 2. Correlation of histological variants with BRAF V600E in thyroid papillary 
carcinoma. 
 
 

Histology BRAF V600E 

Histological variants n (%) 
BRAF+ 
(n, %) 

BRAF- 
(n, %) 

Conventional 26 (27.4) 22 (84.6) 4 (15.4) 

Follicular 6 (6.3) 2 (33.3) 4 (66.7) 

Encapsulated 4 (4.2) 3 (75) 1 (25) 

Microcarcinoma 22 (23.2) 17 (77.3) 5 (22.7) 

Tall cells 8 (8.4) 5 (62.5) 3 (37.5) 

Columnar cells 3 (3.2) 1 (33.3) 2 (66.7) 

Cribriform  3 (3.2) 1 (33.3) 2 (66.7) 

Hobnail 2 (2.1) 2 (100) 0 

With 
fibromatosis/fasciitis-
like stroma 

16 (16.8) 10 (62.5) 6 (37.5) 

Solid/trabecular 4 (4.2) 2 (50) 2 (50) 

Clear cells 1 (1.1) 1 (100) 0 

Total 95 (100) 66 (69.5) 29 (30.5) 

r-Pearson correlation = -0.325; p = 0.01. 
 Positive BRAF V600E immunostaining was detected in 66 tumours (69.5%) while 
28.4, 29.5, and 11.6% had immunostaining scores of 3+, 2+, and 1+, respectively. The 
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Table 3. The association between positive BRAF expression and 
clinicopathologic factors.

Clinicopathologic factors BRAF V600E (−) (n) BRAF V600E (−) (n) Total n (%)
Gende

Male
Female

3
26

6
60

9
86

p 0.457
Age

10-19
20-29
30-39
40-49
50-59
≥60

1
1
6
13
7
1

0
8
17
21
10
10

1
9
23
34
17
11

 p 0.039
Location

Right lobe
Left lobe
Isthmus

12
14
3

35
27
4

47
41
7

p 0.332
Size

<1 cm
1-<2 cm
2–3.5 cm

18
9
2

47
14
5

65
23
7

p 0.476
Metastasis (lymph node, 
distal) of favourable group

Yes
No

1
21

2
54

3
76

p 0.636
Metastasis (lymph node, 
distal) of aggressive group

Yes
No

0
7

10
0

10
7

p 0.005

3.3. Association between BRAF V600E expression and 
histological variants according to clinical behaviour

As shown in Table 4, only 17/95 tumours could be classified into 
aggressive prognostic groups by histological type. BRAF V600E 
immunoexpression was associated with histological type by high 
expression rate in tall cell (62.5%), solid (50%), hobnail (100%), and 
lower in columnar variants (33.3%), (r-Pearson correlation=0.870; 
p=0.000). So, immunostaining with VE1 antibodies should be 
preferred for aggressive variants: tall cell, solid, and hobnail.
Table 4. Relationship between the BRAF V600E expression and 
clinicopathologic variant groups.

Histology BRAF V600E
p

Clinicopathologic variant groups n (%) BRAF+
(n, %)

BRAF-
(n, %)

 
 
Favourable 
histological variant 
group
 
 
 
 
 

Conventional 26 (27.4) 22 (84.6) 4 (15.4)

r-Pearson 
correlation=-0.239; 
p=0.035

Follicular 6 (6.3) 2 (33.3) 4 (66.7)
Encapsulated 4 (4.2) 3 (75) 1 (25)
Microcarcinoma 22 (23.2) 17 (77.3) 5 (22.7)
Clear cells 1 (1.1) 1 (100) 0
With fibromatosis/ 16 (16.8) 10 (62.5) 6 (37.5)fasciitis-like stroma 
Cribriform 3 (3.2) 1 (33.3) 2 (66.7)

Aggressive 
histological variant 
group

Tall cell 8 (8.4) 5 (62.5) 3 (37.5)
r-Pearson 
correlation=0.870; 
p=0.000

Columnar cell 3 (3.2) 1 (33.3) 2 (66.7)
Solid/trabecular 4 (4.2) 2 (50) 2 (50)
Hobnail 2 (2.1) 2 (100) 0

3.4. Association between histological variants according to 
clinical behaviour and clinicopathologic features

As shown in Table 5, only 52/95 tumours could be classified 
into prognostic groups by histological type. In the favourable variant 
group (35 tumours, 67.3%), 28 tumours were <1 cm (80.0%) and 7 
were 2-3 cm (20.0%). Of the aggressive variants (17 tumours, 32.7%), 
10 tumours (58.8%) were <1 cm. The differences in tumour size 
according to clinicopathological groups were statistically significant 
(p=0.04). Most tumours in the left lobe (90%) and the isthmus (83.3%) 
belonged to the group of favourable histological variants (p=0.004).

Table 5. Relationship between histological variant groups and 
other variables.

Variables n

Group of 
favourable 
histological 
variants

Group of 
aggressive 
histological 
variants

p

Size
<1 cm
1–<2 cm
2–3.5 cm

38
11
3

28
7
0

10
4
3

0.04

Location
Right lobe
Left lobe
Isthmus

26
20
6

12
18
5

14
2
1

0.004

Lymph node metastasis
Yes
No

7
45

1
34

6
11

0.003

Distal metastasis
Yes
No

4
48

0
35

4
13

0.009

In the lymph node metastasis group, the majority of tumours 
(6/7, 85.7%) were aggressive variants (Table 5) and in the group 
without lymph node metastases, the majority of tumours (34/45, 
75.6%) were favourable variants (p=0.003). In the group with distal 
metastases, all tumours (4/4, 100%) were aggressive variants and in 
the group with no distal metastases, the majority of tumours (35/48, 
72.9%) were favourable variants (p=0.009). Therefore, BRAF 
V600E immunoexpression was related to patient age and histological 
variant and not to gender, tumour location, tumour size, lymph node 
metastasis, and distal metastasis. The aggressive variant group had 
a worse prognosis: larger tumour size (p=0.004), more lymph node 
metastasis (p=0.003), and more distal metastasis (p=0.009) than the 
favourable variant group; Therefore, it is necessary to closely manage 
the aggressive variant group with the BRAF V600E mutation to limit 
the poor prognosis as much as possible.

4. Discussion
The frequency at which the BRAF V600E mutation was detected 

in PTC varies worldwide, for example, in the Philippines (70.59%) 
[26], Korea (75.8-82.3%), China (62.7%), Hawaii (83.8%), Poland 
(72.4%), the United States (61.0-77.0%), and the present study, 
Vietnam (69.5%). The differences between these rates are not 
significant. These findings are also consistent with the increasing PTC 
mutation rates detected in recent years [27, 28]. Increasing mutation 
rates may be occurring because of improved detection methods with 
better sensitivities and specificities. High rates of BRAF V600E 
immunoexpression occur with the tall cell variant. Several studies 
showed that the tall cell variant has the highest BRAF V600E positive 
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rate (68-100%) [12, 24, 29]. H.Z. Kimbrell, et al. (2015) [1] proved that 
all cases of tall cell variants were positive. Therefore, in clinical settings, 
the determination of BRAF V600E mutations in tall cell variants in 
PTC should be prioritized. The frequency of BRAF V600E mutation 
in the follicular variant ranges from 21 to 54% [23, 30, 31]. This 
frequency is consistent with our results for the tall cell variant (62.5%).

Several other factors can influence the measurement of BRAF 
V600E expression including the research material (frozen or paraffin-
embedded tissue), antibody purity, the epitope for the antibody, the 
amplification system for signal detection, incubation time, and fixation 
solution for tissue samples [30, 31]. Another possible cause for the 
varying expression is the gene pair mismatch self-repair that results in 
the BRAF V600E gene mutation. Excessive oxidation during thyroid 
hormone synthesis may cause genomic mismatches, which suggests 
a correlation between iodine concentration (a component in thyroid 
hormone synthesis) and BRAF mutations [32].

Molecular techniques have been used to detect the BRAF V600E 
point mutation. These methods are often very expensive, require a lot of 
time and effort, and are difficult to verify [33]. Immunohistochemical 
staining is a technique widely used in pathology laboratories. The IHC 
technique is faster and cheaper than molecular techniques. Importantly, 
IHC has the added advantage of recognizing individual antigen-carrying 
tumour cells and evaluating their uniformity [34]. Recently, two 
mutant-specific antibodies against the BRAF V600E protein have been 
developed and commercialized: the antibody clone, VE1, developed 
by Spring Bioscience (Pleasanton, California) and a monoclonal anti-
mouse BRAF antibody developed by New East Bioscience (Malvern, 
Pennsylvania). The VE1 clone has been used in most studies [10, 
16, 23]. Currently, available BRAF mutant-specific antibodies have 
sensitivities and specificities of more than 95% [10, 17-19], and they 
are more sensitive than molecular tests for detecting the BRAF V600E 
mutation [17-19, 34]. Molecular techniques are highly dependent on 
DNA quality and require a sufficient number of tumour cells in the 
sample [17, 34]. Unlike molecular testing, IHC is less dependent on 
DNA quality or the proportion of tumour cells present in the sample. 
Furthermore, the level of mutant protein expression in tumour cells 
at the individual cell level can be assessed. Thus, each tumour cell in 
the sample is evaluated for mutations more accurately than molecular 
analyses [19, 35].

M. Bullock, et al. (2012) [19] suggested that the mutant-specific 
VE1 antibody should be the gold standard for detecting the BRAF 
V600E point mutation in PTC. P. McKelvie, et al. (2013) [10] also 
showed that detection of the BRAFV600E mutation by IHC was 
more sensitive than standard real-time PCR using a commercial kit 
(Seegene) to detect the BRAFV600E mutation and recommended 
using the mutant-specific VE1 antibody (BRAF V600E) in pathology 
laboratories where conditions for routine sequencing of PTC specimens 
are not favourable. Several studies have shown that the number of 
positive cells detected using IHC was higher than the mutant allele 
frequency, which was perhaps due to the presence of heterogeneous 
clones for BRAF V600E within the same tumour. The BRAF V600E 
mutation was found only in PTC cells and not in the stroma. Given that 
the study samples contain numerous different stromal tissues without 
the BRAF V600E mutation (stroma and vascular), the allele frequency 
in PTC may be significantly reduced in molecular tests [17-19, 36]. 	

The detection of the BRAF V600E mutation by IHC upon 
diagnosis can immediately provide individual prognostic information 

to guide treatment and monitoring in patients with PTC. The presence 
of the BRAF V600E mutation significantly increases the risk of lymph 
node metastasis in PTC. Considerably high frequencies of microscopic 
lymph node metastases were detected among lymph nodes evaluated 
as negative by preoperative ultrasound, which ranged from 42% for 
primary thyroid tumours <2 cm to 86% for tumours >3 cm [10, 17, 33, 
34]. P. McKelvie, et al. (2013) [10] demonstrated a significant association 
between the BRAF V600E mutation and gender, but not with other factors 
such as age, primary tumour size, extra-thyroid expansion, lymph node 
metastasis, distal metastasis, or the AJCC stage at the time of diagnosis.

The follicular variant usually has a higher frequency of 
BRAF V600E mutations and has characteristics more similar to 
the conventional papillary variant than the encapsulated variant 
[16, 37, 38]. Synthetic analysis by H. Lui, et al. (2015) [33] of 20,764 
patients showed that the BRAF V600E mutation was associated 
with several high-risk clinical variables used in the prognostic 
system, including extra-thyroid invasion, high TNM stage, lymph 
node metastasis, recurrence, and total survival but not with distal 
metastasis. The diagnosis of distal metastasis varies widely among 
countries and even among medical centres within the same country, 
which may cause discrepancies when comparing results across studies.

Although several authors have found an association between the 
BRAF mutation and tumour invasiveness, others have been unable to 
confirm this association. Accordingly, some studies have found that the 
presence of a BRAF V60E mutation was not correlated with clinical 
signs of aggression [10, 35] including age, extra-thyroid expansion, 
TNM stage, lymph node metastases, recurrence, reduced survival, or 
distal metastasis [39]. However, PTC histology has been significantly 
associated with the presence of the BRAF V600E mutation [40] 
whereas follicular variant histology was not associated with the BRAF 
V600E mutation. 

Classifying the two clinicopathologic variants was useful in 
determining the association between BRAF V600 immunoexpression 
and patient age and histological variants in the favourable and 
aggressive histological groups. In the favourable variant group, the 
tumour size was often small <1 cm (p=0.04) and more preferred in 
the left lobe (p=0.004). The tumour was more prone to lymph node 
metastases (p=0.003) in the aggressive variant group and distant 
metastases (p=0.009).

5. Conclusions
Lymph nodal and distal metastases (poor prognosis) in the 

aggressive (or high-risk) clinicopathological group of PTC can be 
better predicted when the molecular feature of BRAF V600E is 
integrated with histopathological characteristics; conversely, these 
results could not be achieved in the favourable histological group. 
These features suggest that BRAF V600E immunoexpression may be 
considered as a potential candidate for the prognosis of the high-risk 
histological group. Therefore, the BRAF V600E test should be added 
to the diagnosis in the high-risk clinicopathological group.
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1. Introduction
S. aureus is a commensal bacterium that colonizes approximately 

30% of the human population and acts as an opportunistic pathogen 
[1]. Typically, hosts are asymptomatic; however, infections are 
common and can range from mild skin infections and abscesses 
to invasive and life-threatening infections including bacteraemia, 
endocarditis, and pneumonia [1, 2]. In 2017, S. aureus bacteraemia 
was responsible for approximately 20,000 deaths and 120,000 
infections in the United States [2].

S. aureus develops antibiotic resistance (AR) quickly and 
AR in S. aureus is widespread. MRSA is of particular concern as 
MRSA rates in World Health Organization (WHO) regions typically 
exceed 20%, which increases risks for patients and necessitates the 
use of second line, more toxic drugs [3]. In the past, vancomycin 
was considered the antibiotic of last resort for MRSA infections; 
however, due to the risk for adverse reactions and increasing rates 
of vancomycin resistance, newer antibiotics, such as linezolid, 
daptomycin, quinupristin/dalfopristin, and tigecycline are often 
used [4]. Unfortunately, these newer antibiotics can be expensive 
and have risks for adverse reactions [5]. Additionally, resistances, 
though rare, have already developed for linezolid, daptomycin, 
quinupristin/dalfopristin and tigecycline [4]. Thus, the search for 
new antibiotics that are effective against MRSA and other MDR 
bacteria continues.

This review will examine Cannabis sativa as a potential source 
for new antimicrobial compounds for the treatment of MRSA and 

other MDR bacteria. Cannabis is promising in this regard because it 
produces an abundance of antimicrobial secondary metabolites and 
has many other qualities that are desirable in antibiotic therapy and 
antibiotic development.

1.1. Cannabis sativa

Cannabis has been cultivated and used as medicine for thousands 
of years [6-11]. After millions of years of evolution, thousands of 
years of traditional cultivation and generations of modern selective 
breeding, there is considerable diversity among varieties of cannabis, 
with different strains having different medicinal properties [12].

As different cannabis cultivars can be easily cross-bred, 
and typical plant characteristics like height and leaflet width 
are insufficient distinctions between varieties, cannabis is often 
classified by “chemovar” according to biochemical characteristics 
[13-15]. Each chemovar boasts unique genetics and combinations 
of the various secondary metabolites found in cannabis [10-16]. As 
of the writing of this review, there are as many as 700 different 
chemovars of cannabis [9, 10, 15]. In addition to the influence of 
genetics on the chemical profile of each chemovar, the chemical 
profile of cannabis is further influenced by environmental and 
external factors including nutrition, humidity, temperature, age 
of plant, harvest time, plant stress, and plant organ and storage 
conditions [17-20].

Cannabis chemovars produce more than 500 natural secondary 
metabolites from 18 different chemical classes, including more than 
100 cannabinoids and more than 200 terpenes [11, 12, 14, 19, 21-25]. 
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Cannabis is noteworthy for its production of cannabinoids, which 
are lipophilic molecules with low water solubility. Cannabinoids 
have been only rarely detected in non-cannabis plants [24]. The 
best-known cannabinoids are tetrahydrocannabinol (THC), the 
primary psychoactive compound, and cannabidiol (CBD), which is 
known for having a variety of medicinal properties and for being 
an antipsychotic. THC is a “weak partial agonist on CB1 and CB2 
receptors,” while CBD is a “negative allosteric modulator of CB1” [26].

In addition to terpenes and cannabinoids, hundreds of other 
compounds have been identified in cannabis, including 27 
nitrogenous compounds, 18 amino acids, 3 proteins, 6 enzymes, 2 
glycoproteins, 34 sugars and related compounds, 50 hydrocarbons, 
7 simple alcohols, 12 simple aldehydes, 13 simple ketones, 20 
simple acids, 23 fatty acids, 12 simple esters, 1 lactone, 11 steroids, 
25 non-cannabinoid phenols, 23 flavonoids, 1 vitamin, 2 pigments, 
and 9 elements [27]. Cannabis resin, which is naturally produced 
in the trichomes, is rich in both cannabinoids and terpenes and is 
“valued for its psychoactive and medicinal properties” [11].

1.2. Antimicrobial activity vs S. aureus and MRSA
The essential oils and extracts from cannabis, as well as many 

of the individual cannabinoids, have antimicrobial properties and 
are active against various strains of S. aureus and MRSA [6-8, 17, 
21, 28-50]. Antimicrobial activity against S. aureus and MRSA 
strains has been demonstrated by many cannabinoids, including 
cannabichromenic acid (CBCA) [32, 39, 40], cannabichromene 
(CBC) [6, 30, 40], cannabichromene-C0 (CBC homolog) [6], 
cannabichromene-C1 (CBC homolog) [6], isocannabichromene-C0  
[6], (±)-3′′-hydroxy-Δ(4′′5′′)-cannabichromene [33], cannabidiolic 
acid (CBDA) [8, 30, 40], cannabidiol (CBD) [8, 30, 38-40, 44, 
48-50], cannabidivarin methyl ester (CBDVM) [32], cannabigerol 
acid (CBGA) [30, 40], cannabigerol (CBG) [30, 39, 40], 4-acetoxy-
2-geranyl-5-hydroxy-3-n-pentylphenol (CGB derivative) [33], 
5-acetoxy-6-geranyl-3-n-pentyl-1,4-benzoquinone [46], 5-acetyl-
4-hydroxycannabigerol [33], methylated cannabigerol [30], 
cannabinol (CBN) [30, 39, 40], 8-hydroxycannabinolic acid 
A [33], 1′ S-hydroxycannabinol [21], carmagerol [30], pre-∆9-
tetrahydrocannabinol (Δ9-THCA) [30, 40], Δ9-tetrahydrocannabinol 
(Δ9-THC) [30, 39, 40, 45, 50], cannabidivarin (CBDV) [40], 
cannabidivarinic acid (CBDVA) [40], Δ8-tetrahydrocannabinol 
(Δ8-THC) [40], tetrahydrocannabivarinic acid (THCVA) [40], Δ9-
tetrahydrocannabivarin (THCV) [40], exo-olefin THC [40], and +/-
11-OH Δ9-THC [40]. Additionally, THC has been demonstrated to 
protect mice from acute respiratory distress syndrome (ARDS) and 
toxicity caused by the cytokine storm triggered by Staphylococcal 
enterotoxin B (SEB), which is a toxin produced by S. aureus [45].

Many of the non-cannabinoid phytocompounds in cannabis 
are also active against S. aureus and MRSA strains [30, 38, 41, 46, 
51-68]. Antimicrobial activity against S. aureus and MRSA strains 
has been observed in α-bisabolol (levomenol) [51], carvacrol [65-
68], eugenol [52], nerolidol [51], limonene [53], para-cymene 
(p-cymene) [53], myrcene (β-myrcene) [38, 53], olivetol [30], 
1,8-cineole [54, 57, 58, 64], α-pinene [38, 52, 59, 60, 64], β-pinene 
[38, 52], α-terpineol [58, 60], α-terpinolene [38], terpinen-4-ol 
[58, 60], thymol [53, 65, 66], β-caryophyllene [38, 59], humulene 
(α-caryophyllene) [59], β-amyrin [61], cannflavin A [46], 
naringenin [41, 62, 63], caffeic acid [55], and linoleic acid [56].

Other antimicrobial activity

Antibiotic combinations that are effective against a variety of 
microorganisms are useful as empirical therapy for the treatment of 
unidentified pathogens [69]. In addition to being effective against 
MRSA, the antimicrobial properties of cannabis have been tested 
against other pathogenic microorganisms, including many species 
of gram-positive and gram-negative bacteria, a variety of clinically 
significant fungi, and Leishmania protozoa.

Cannabis essential oil and extracts are active against many species 
of gram-positive bacteria, including Bacillus cereus [38]; Bacillus 
pumilus [29]; Bacillus subtilis [7, 17, 29, 38]; Brevibacterium linens 
and Brochothrix thermosphacta [17]; Clostridium tyrobutyricum, 
Clostridium bifermentans, Clostridium butyricum and Clostridium 
sporogenes [70]; Enterococcus faecalis [35, 38, 47]; Enterococcus 
faecium and Enterococcus hirae [38, 70]; Micrococcus flavus [29]; 
Listeria monocytogenes and Staphylococcus epidermidis [38]; 
Streptococcus salivarius [70]; and the gram-positive to gram-
variable Micrococcus luteus [17].

Cannabis essential oil and extracts are active against a variety 
of gram-negative bacteria, including Acinetobacter calcoaceticus, 
Aeromonas hydrophyla and Beneckea natriegens [17]; Bordetella 
bronchiseptica [29]; Escherichia coli [7, 17, 35, 47]; Enterobacter 
aerogenes [47]; Flavobacterium suaveolens [17]; Helicobacter 
pylori [41]; Pectobacterium carotovorum [70]; Pseudomonas 
aeruginosa [7, 35, 43]; Pseudomonas campestris, Pseudomonas 
corrugata, Pseudomonas fluorescens, Pseudomonas savastanoi, 
Pseudomonas syringae, and Pseudomonas viridiflava [70]; 
Proteus vulgaris [29]; Salmonella typhimurium [47]; and Yersinia 
enterocolitica [17].

Cannabis essential oil and extracts are active against a variety 
of fungi, including Aspergillus niger [29]; Candida albicans 
[7, 29, 43]; and Candida sake, Kluyveromyces marxianus, 
Pichia membranaefaciens, Schizosaccharomyces pombe, 
Schizosaccharomyces japonicus, Torulaspora delbrueckii and 
Zygosaccharomyces bailii [70]. Fractional cannabis distillations 
showed activity against Candida glabrata, Candida krusei, and 
Cryptococcus neoformans; cannabis extracts have also demonstrated 
activity against the protozoa Leishmania donovani [36].

In addition to being active against MRSA, many of the secondary 
metabolites found in cannabis, including many of the cannabinoids, 
have also been individually tested against other microorganisms. 
CBD is of particular interest as a potential antimicrobial, and in one 
study showed a consistent MIC (minimum inhibitory concentration) 
of 1-4 μg/ml against more than 20 types of gram-positive bacteria, 
including multiple strains of MRSA, MDR Streptococcus 
pneumoniae, E. faecalis, and the anaerobic bacteria Clostridioides 
difficile and Cutibacterium acnes [49]. CBD is also active against L. 
mono-cytogenes, E. faecalis, and methicillin-resistant S. epidermidis 
(MRSE) [44]. THC and CBD are active against Streptococcus 
pyogenes, Streptococcus milleri, and Streptococcus faecalis  [50]. 
CBD and CBDA are active against S. epidermis [8]; carvacrol is 
also active against S. epidermis [65]. CBD, α-pinene, β-pinene, 
β-myrcene, α-terpinolene, and β-caryophyllene are active against S. 
epidermidis, L. monocytogenes, E. faecalis, E. faecium, E. hirae, B. 
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subtilis, and B. cereus [38]. Naringenin is active against H. pylori 
[41]. CBC and its homologs, analogues and isomers are active 
against several bacteria, including B. subtilis, and M. smegmatis; 
CBC is also active against S. cerevisiae and Trichophyton 
mentagrophytes; many CBC homologs and isomers are also 
active against T. mentagrophytes, C. albicans, and S. cerevisiae 
[6]. α-Humulene is active against C. Neoformans, C. Glabrata, C. 
Krusei and L. Donovani [36], and against C. bifermentans, E. hirae, 
E. faecium and S. salivarius, P. viridiflava, P. membranaefaciens, S. 
cerevisiae, S. japonicus, and Z. bailii [70]. α-Pinene is active against 
S. salivarius, C. tyrobutyricum, C. bifermentans, C. butyricum, C. 
sporogenes, E. hirae, E. faecium, P. savastanoi, P. carotovorum, P. 
corrugata, P. fluorescens, P. syringae, P. viridiflava, P. campestris, 
C. sake, K. marxianus, P. membranaefaciens, S. cerevisiae, 
Schizosaccharomyces pombe, S. japonicus, T. delbrueckii, and Z. 
bailii [70]. β-Pinene, myrcene and carmagnola are active against C. 
bifermentans, E. hirae, E. faecium, P. corrugata, P. fluorescens, P. 
viridiflava, C. sake, K. marxianus, P. membranaefaciens, S. pombe, 
and S. japonicus [70]. β-Caryophyllene shows weak activity against 
C. neoformans [36]. The compound 1′ S-hydroxycannabinol is 
active against L. donovani and P. falciparum [21]. Other compounds 
isolated from cannabis with antimicrobial properties include 
5-acetoxy-6-geranyl-3-n-pentyl-1, which is active against L. 
donovani and Plasmodium falciparum; cannflavin A, cannflavin C, 
and β-acetyl cannabispiranol, which are active against L. donovani; 
and 6-prenylapigenin, which is active against P. falciparum, L. 
donovani, and C. albicans [46]. Other anti-microbial cannabinoids 
that were recently discovered include (±)-3′′-hydroxy-Δ(4′′,5′′)-
cannabichromene, which is active against C. albicans and C. krusei; 
4-acetoxy-2-geranyl-5-hydroxy-3-n-pentylphenol, active against C. 
krusei; 8-hydroxycannabinol, which is active against C. albicans 
and M. intracellulare; 8-hydroxycannabinolic acid A, which is 
active against C. krusei and E. coli; (±)-4-acetoxycannabichromene 
and 5-acetyl-4-hydroxycannabigerol, which are both active 
against L. donovani and P. falciparum; and (±)-3′′-hydroxy-
Δ(4′′5′′)-cannabichromene and 4-acetoxy-2-geranyl-5-hydroxy-3-n-
pentylphenol, which are both active against L. donovani [33].

The ability to target a wide range of pathogenic microorganisms 
must be contrasted against the potential to damage the microbiome, as 
“selective inhibition is of the utmost importance for the maintenance 
of healthy gut microbiota” [47]. Cannabis has promise in this regard, 
too. Cannabis extract displayed “no inhibitory effects on the growth 
of probiotic strains” Lactobacillus paracasei, Lactobacillus reuteri, 
Lactobacillus brevis, Lactobacillus plantarum, Bifidobacterium 
bifidum, Bifidobacterium longum and Bifidobacterium breve [47].

1.4. Mechanism of action and synergistic interactions

Cannabis is also desirable as a potential antibiotic source 
for its ability to engage multiple bacterial targets and synergistic 
interactions. Synergistic interactions that potentiate antimicrobial 
effects are an evolutionary strategy against microorganisms [69, 
71]. Many successful antibiotics engage multiple bacterial targets, 
structures, or processes, and typically resistance takes longer to 
emerge when multiple targets are engaged [69]. Combination 
antibiotic therapies often utilize antibiotic synergies.

Plants produce an abundance of secondary metabolites that often 
rely on synergistic combinations [72]. Multi-target engagement is 
also common among plants, and the essential oils and secondary 
metabolites produced by plants target microorganisms in multiple 
ways that affect their pathological processes [73-76]. Essentially, 
plant secondary metabolites often work together synergistically and 
engage multiple targets using different mechanisms of action [74, 75].

Common mechanisms of action include the disruption of 
cytoplasmic membrane function and structure (including the 
efflux system), interaction with the membrane proteins (ATPases 
and others), interruption of DNA/RNA synthesis and function, 
destabilization of the proton motive force with leakage of 
ions, prevention of enzyme synthesis, induction of coagulation 
of cytoplasmic constituents, and interruption of normal cell 
communications (quorum sensing) [74, 75].

The high diversity of cannabis chemovars and antimicrobial 
metabolites increases the likelihood of antimicrobial synergies [38]. 
Additionally, cannabis produces many unique secondary metabolites 
that are known to attack multiple targets in S. aureus and MRSA. 
CBD is particularly notable for multiple target engagement in S. 
aureus. CBD sharply inhibits protein, DNA, RNA, peptidoglycan 
and lipid synthesis [49]. CBD is active against MRSA biofilms [40, 
49] and causes depolarization of the cytoplasmic membrane [44, 
49]. Additionally, CBD shows low resistance frequency and has a 
low propensity to induce resistance [49]. At high concentrations, 
many other cannabinoids are active against biofilms, including 
CBG, CBN, CBC, CBCA, Δ9-THC, Δ8-THC, exo-olefin THC, 
Δ9-THCA, THCV, CBGA, CBDV, CBDA, and +/- 11-OH Δ9-
THC [40]. CBCA induces rapid degradation of the bacterial lipid 
membrane and bacterial nucleoid [32]. CBG targets the cytoplasmic 
membrane; represses biofilm formation and eradicates preformed 
biofilms; kills persisters by rapidly eradicating them to below 
detection thresholds within 30 minutes of treatment; and shows 
no resistance development after being challenged for spontaneous 
resistance mutations [39].

Many of the non-cannabinoid secondary metabolites common 
in cannabis also engage multiple targets in S. aureus and MRSA. 
Carvacrol affects the lipid bilayer of bacterial cytoplasmic 
membranes causing loss of integrity and collapse of proton motive 
force, which results in a leakage of cellular material [67], reduces [66, 
67] and eradicates biofilms [66], and is active against dual-species 
biofilms [68]. Myrcene acts synergistically with many essential 
oil components against S. aureus [54]. 1,8-cineole, α-terpineol, 
and terpinen-4-ol are active on the cytoplasmic membrane causing 
predisposition to lysis, loss of 260 nm absorbing material, altered 
morphology, and loss of tolerance to NaCl [58]. Linoleic acid 
inhibits the efflux pump and is synergistic with erythromycin [56]. 
Naringenin inhibits the growth of S. aureus, disrupts the cytoplasmic 
membrane, and affects the expression of fatty-acid synthesizing 
genes [63]. At high levels, naringenin damages the cytoplasmic 
membrane and interacts with DNA by changing conformations 
and molecular morphology [62]. Levomenol and nerolidol enhance 
membrane permeability, thereby increasing susceptibility of S. 
aureus to many common antibiotics [51]. Thymol inhibits biofilm 
formation and eradicates biofilms [66]. Quercetin can decrease the 
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proton-motive force [76]. Caffeic acid is active on efflux pumps by 
inhibiting the MrsA pumps of the S. aureus strain RN-4220 and the 
NorA pump of S. aureus strain 1199B [55].

1.5. Antibiotic resistance

Resistance development is another consequence of conventional 
antibiotic therapies. The multitude of antimicrobial secondary 
metabolites in cannabis may help prevent or delay resistance. 
One of the benefits that is often argued of combination therapy 
is that the simultaneous use of multiple antibiotics can delay 
resistance development [77-80]. Increasing the number of drugs 
used in combinations could be an effective strategy as high-order 
combinations can potentially slow resistance development [81].

With dozens of antimicrobial secondary metabolites that are 
active against MRSA, cannabis is a potential source for high-
order antimicrobial combinations. Moreover, the bioactivity of the 
antimicrobial secondary metabolites found in plants typically does 
not confer resistance, and the use of antimicrobial plant extracts is 
relatively effective at preventing and reducing resistance [72].

Recent studies suggest that resistance is unlikely to development 
to either CBD [49] or CBG [39]. Although some species of bacteria 
are capable of developing resistance to some essential oils, 
resistance development to essential oils is generally rare and the 
development of resistance may be dependent upon oil composition 
and species of bacteria [82].

To further prevent or counter resistance development, different 
chemovars, with different compositions of antimicrobial secondary 
metabolites, could be easily substituted in a manner similar to 
cycling and mixing strategies, which rely on switching antibiotic 
regimens on time intervals or a per-patient basis in order to reduce 
selective pressure for resistance development.

1.6. The entourage effect

The term “entourage effect” is sometimes used to describe the 
complex interactions and variety of effects that “inactive” compounds 
found in cannabis are thought to have on active compounds [9, 12-
14, 18, 19]. Many studies suggest therapeutic synergies in cannabis, 
and it is often observed that the effects of the entire plant are greater 
than the effects of individual components [9, 12-14, 18, 19, 83, 84]. 
In addition to these studies, many consumers of cannabis attribute 
different physiological effects to different chemovars [9, 11, 12, 19].

Although some chemovars might be inappropriate for some 
patients, with more than 700 chemovars available, the diversity 
of chemovars makes it likely that a chemovar with an appropriate 
balance of secondary metabolites could be found or bred for specific 
conditions and most patients [12, 16, 34].

Cannabis could potentially be used to treat multiple conditions 
simultaneously. Although in vivo studies and clinical trials are 
needed to determine if cannabis or cannabis secondary metabolites 
are suitable for treating S. aureus and MRSA infections, cannabis is 
already recognized for its analgesic properties [9, 12, 31]. Should 
cannabis prove suitable for S. aureus and MRSA treatment, it could 
potentially be used to treat both the infection and associated pain, 
possibly eliminating the need for a separate analgesic. Clinical trials 

could also be conducted to determine if cannabis could replace 
multiple drugs when treating S. aureus infection presenting with 
SEB-induced ARDS, as THC is a potent anti-inflammatory that 
halts the cytokine storm caused by the overactive immune response 
to SEB [45].

Additionally, medicinal plants and plant-based antimicrobials 
are generally less expensive and easier to obtain than synthetic 
drugs, and can be combined with other antibiotics to reduce testing 
and development costs [72].

1.7. Pharmacokinetic profile

Pharmacokinetic considerations are an important factor of 
antimicrobial therapy. Penetration differences between antibiotics 
administered simultaneously can accelerate the development of 
MDR by allowing for the stepwise accumulation of mutations, 
which can lead to an increase in both the rate of mutation acquisition 
and the rate of selection for pre-existing mutations [85-87].

Cannabis has desirable pharmacokinetic properties. Many of 
the antimicrobial secondary metabolites of cannabis share similar 
penetration profiles, which could allow multiple antimicrobial 
compounds to penetrate many in vivo environments. Cannabinoids 
cross the blood-brain barrier and the placental barrier, are present in 
breast milk, reduce inflammation and can penetrate S. aureus biofilms 
[6, 12, 18, 23, 45, 83]. Terpenoids, flavonoids, anthocyanins, and 
many other secondary metabolites present in cannabis are known 
to reduce inflammation, cross the blood-brain barrier, and destroy 
S. aureus biofilms [12, 18, 19, 22, 66-68, 88].

1.8. Toxicity, drug-drug interactions

Cannabis generally poses a low risk for toxicity, which is another 
important consideration with antibiotic therapy. On a population 
scale, cannabis has as estimated margin of exposure, which is the 
ratio of toxicological threshold to estimated human intake, in excess 
of 10,000 [89] and many studies have concluded that it is nearly 
impossible to consume lethal quantities of either cannabis or THC 
[89-92]. Further evidence of the low toxicity of cannabis can be found 
in the fact that there are no reported deaths from cannabis overdose 
[9, 26, 93] despite the fact that cannabis is used globally by more 
than 100 million people [93]. The absence of overdose deaths from 
cannabis is likely due to the lack of CB1 receptors in the brainstem 
cardiorespiratory centres, causing minimal interaction in areas of the 
brain involved in respiration [9, 26, 31, 94]. CBD has low toxicity 
when tested against red blood cells and keratinocytes [8].

In addition to low toxicity, many of the adverse effects 
associated with cannabis tend to decrease with tolerance or can be 
mitigated by other constituents of the plant. Cardiovascular effects 
of cannabis, such as tachycardia and increased blood pressure, are 
minimal or transient, and subside with tolerance [92]. Tolerance 
to the psychoactive effects of cannabis typically develops over 
several days; however, tolerance generally does not develop to the 
medical benefits, allowing patients to maintain dose consistency for 
many years [26]. The side effects of THC are mitigated by other 
secondary metabolites present in cannabis, and natural cannabis 
causes fewer psychological side effects than synthetic THC [95]. 
Numerous studies demonstrate the antipsychotic properties of 
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CBD and suggest that CBD can counter or mitigate many of the 
adverse psychoactive effects of THC [16, 18, 25, 95-98]. CBD 
has been observed to reduce anxiety, tachycardia, hunger, and 
sedation [25]. CBD is also being studied as a potential treatment 
for psychosis and schizophrenia [18, 98-101]. Moreover, not all 
chemovars of cannabis contain THC. For example, hemp, which is 
grown primarily for CBD and industrial applications, has very low 
quantities of THC, usually less than 0.3% [17].

Cannabis generally does not decrease effectiveness of 
concomitant medications and significant drug interactions, though 
rare, are typically associated with concurrent use of depressants [26]. 
However, many cannabinoids are known to interact with enzymes 
[20, 23, 25] and drug-drug interactions due to cytochrome P450 
(CYP450) inhibition could occur [20, 23, 25, 102]. CBD inhibition 
of CYP450 has been associated with adverse drug events and has 
the potential to cause pharmacokinetic and pharmacodynamic drug-
drug interactions [102]. There is no evidence that cannabis increases 
overdose lethality from other drugs [92].

2. Conclusions
In vitro studies and animal model studies suggest cannabis and 

its secondary metabolites as a potential source for new antimicrobial 
compounds against S. aureus and MRSA strains. However, more 
research is needed to understand the complex pharmacokinetics 
and pharmacodynamics of cannabis and its secondary metabolites 
before effective antimicrobial therapies can be developed.

Specifically, in vivo studies are needed to determine penetration 
profiles, screen for drug-drug interactions, and to test suitability for 
treatment of systemic infection. Given the high number of cannabis 
secondary metabolites active against S. aureus and MRSA strains, 
the multiplicity of antimicrobial mechanisms of action, and the 
potential for synergistic interactions, cannabis secondary metabolites 
should also be studied as antibiotic combinations and as possible 
adjuvants to be administered alongside conventional antibiotics. 
In addition to possible use in antibiotic combination therapy, the 
low potential for overdose and the generally safe profile of cannabis 
could allow cannabis-based therapies to be administered at high 
doses. Furthermore, the diversity among cannabis chemovars could 
allow for other antibiotic strategies such as cycling and mixing. 
Further research is necessary.

Due to the number of antimicrobial secondary metabolites 
produced by cannabis and the diversity of cannabis chemovars, 
it could also be possible to cross-breed a chemovar that produces 
specific antimicrobial secondary metabolites that are active against 
a target pathogen. If the antibiotic potential of cannabis is confirmed 
upon further testing, cannabis could provide an inexpensive and 
abundant source of new antibiotics for the developing world.

Appendix
The following appendix contains a list of approximately 50 

cannabis secondary metabolites and derivatives that demonstrate 
antimicrobial activity against S. aureus and MRSA strains (Table 1). 
This list could be useful in cross breeding a chemovar that produces 
dozens of antimicrobial secondary metabolites active against S. 

aureus. This chemovar could serve as the starting point for the 
production and extraction of a full-spectrum oil that contains 
specific antimicrobial secondary metabolites, in consistent 
proportions, that target S. aureus and MRSA strains. Such a 
combination of secondary metabolites could effectively emulate 
the high-order combination strategy that evolved in plants. 
Ultimately, the secondary metabolites of cannabis, used wisely 
and in the correct proportions, could provide a new treatment 
strategy for MRSA that improves patient outcomes and minimizes 

Table 1.  Antimicrobial activity of cannabis secondary metabolites 
against different strains of S. aureus.

Cannabis secondary metabolite Description of activity
Cannabinoids

Cannabichromenic acid (CBCA) MIC of 2 μg/ml against MRSA USA 300 [39, 40]. Bactericidal against MRSA at 3.9 
μM and MSSA 34397 at 7.8 μM [32].

Cannabichromene (CBC):

Anti-inflammatory; 24 and 48 h MIC of 1.56 μg/ml against S. aureus ATCC 6538 
[6]. Represses biofilm formation of MRSA USA 300; MIC of 8 μg/ml against MRSA 
USA 300 [39, 40]. Inhibits SA-1199B, RN-4220, ATCC 25923, EMRSA-15, and 
EMRSA-16 at 2 μg/ml; inhibits XU-212 at 1 μg/ml [30].

Cannabichromene-C0 (CBC homolog) Anti-inflammatory; 24 and 48 h MIC of 12.5 μg/ml against S. aureus ATCC 6538 [6].
Cannabichromene-C1 (CBC homolog) Anti-inflammatory; 24 and 48 h MIC of 3.12 μg/ml against S. aureus ATCC 6538 [6].

Isocannabichromene-C0 Anti-inflammatory; 24 and 48 h MIC of 12.5 μg/ml against S. aureus ATCC 6538 [6].

(±)-3′′-hydroxy-Δ(4′′,5′′)-cannabichromene IC50 against MRSA ATCC 35591 at 24.4 μM; IC50 against S. aureus ATCC 29213 
29.6 μM [33].

Cannabidiolic acid (CBDA)

Inhibits SA-1199B, RN-4220, XU-212, ATCC 25923, EMRSA-15, and EMRSA-16 at 
2 μg/ml [30]. MIC of 2 μg/ml against S. aureus ATCC 25923; MIC of 4 μg/ml against 
MRSA USA 300 [8]. Against MRSA USA 300, MIC of 16 μg/ml [39, 40]; inhibits 
biofilm formation [40].

Cannabidiol (CBD)

Engages multiple targets against S. aureus. Inhibits protein, DNA, RNA and 
peptidoglycan synthesis against S. aureus RN42200 at 2-3 μg/ml, rapidly shutting 
down synthesis pathways; reduces lipid synthesis at concentrations below MIC; 
membrane depolarization; MIC of 1-4 μg/ml against multiple strains MRSA, with 
similar MIC against VRSA; MIC90 against 132 MRSA and MSSA ATCC strains 
and Australian clinical isolates at 4 μg/ml; MIC50 and MIC90 of 1 μg/ml against an 
additional 50 MSSA and 50 MRSA USA-derived isolates; rapid bactericidal activity 
(<3 h) with minimum bactericidal concentration (MBC) of 2 μg/ml against MRSA 
ATCC 43300; able to penetrate and kill biofilms; minimum biofilm eradication 
concentration (MBEC) of 1-2 μg/ml against MSSA biofilms;  MBEC of 2-4 μg/
ml against MRSA biofilms; low innate resistance frequency value (<3.78×10-10) at 
2x MIC against MRSA ATCC 43300); unlikely to induce resistance against MRSA 
ATCC 43300 (after 20 days of daily passage with 8 replications, 1.5-fold increase 
in MIC against CBD vs. 26-fold increase against daptomycin; non-toxic to human 
red blood cells, no signs of haemolysis up to 256 μg/ml; modest cytotoxicity against 
HEK-293 cells (human embryonic kidney), with CC50 around 200 μg/ml [49]. 
Causes depolarization of the cytoplasmic membrane against MRSA USA 300 at 
concentrations of 0.1 and 0.2 μg/ml; when combined with bacitracin, reduces MIC of 
BAC by 64-fold, and causes morphological changes including septa formations and 
membrane irregularities [44]. Bacteriostatic and bactericidal against S. aureus ATCC 
6538 in nutrient broth agar between 1-5 µg/ml and in horse blood agar between 20-50 
µg/ml [50]. Represses biofilm formation; MIC of 2 μg/ml against MRSA USA 300 
[39, 40]. Inhibits SA-1199B, RN-4220, XU-212, EMRSA-15, and EMRSA-16 at 1 μg/
ml; inhibits ATCC 25923 at 0.5 μg/ml [30]. MIC of 8 μg/ml against S. aureus ATCC 
6538; MIC of 32 μg/ml against S. aureus 18As; MIC of 32 μg/ml against S. aureus 386 
[38]. MIC against S. aureus ATCC 25923 and MRSA USA 300 at 1 μg/ml [8]. Against 
MRSA USA 300, a Canadian study published in 2021 reported CBD had an MIC value 
of 2.5 μg/ml and an MBC of 10 μg/ml; CBD powder had an inhibition zone of 11 mm 
and CBD oil had an inhibition zone of 9 mm [48].

Cannabidivarinic acid (CBDVA) MIC of 32 μg/ml against MRSA USA 300 [40].

Cannabidivarin (CBDV) MIC of 8 μg/ml against MRSA USA 300; inhibits biofilm formation [40].

Cannabidivarin methyl ester (CBDVM) Bactericidal against MRSA at 15.6  μM [32].
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the development of new resistances.

Other studies
A 1987 murine study showed that aqueous marijuana extract 

and marijuana smoke inhibited S. aureus NCTC 9789 [28].
A 1995 study at the University of Punjab found that cannabis 

extracts had strong inhibitory effect on S. aureus [29].
A 2001 study of 5 EOs from different cultivars of low-THC 

cannabis (SwissMix, Felina 34, Fedrina 74, Kompolti, and Secuemi) 

Pre-Cannabigerol (Cannabigerolic-acid 
/ CBGA)

Inhibits SA-1199B, XU-212, ATCC-25923, and EMRSA-16 at 4 μg/ml; inhibits RN-
4220 and EMRSA-15 at 2 μg/ml [30]. MIC of 4 μg/ml against MRSA USA 300 [40].

Cannabigerol (CBG)

Active on the cytoplasmic membrane of gram-positive bacteria; represses biofilm 
formation of MRSA USA 300 by 50% at 0.5 μg/ml; MIC of 2 μg/ml against MRSA 
USA 300; eradicate preformed biofilms of MRSA USA 300 at 4 μg/ml; killed persisters 
in a concentration-dependent manner starting at 5 μg/ml; eradicated a population of 
~108 CFU/ml MRSA persisters to below detection threshold within 30 minutes; MIC90 
against 96 clinical isolates of MRSA ranged from 2-8 μg/ml, with one outlier isolate 
MIC90 of 0.0625; frequency of resistance less than 10-10 for MRSA; in vivo efficacy of 
CBG in systemic MRSA USA 300 mouse infection was comparable to vancomycin 
administered at a similar dose [39, 40]. Inhibits SA-1199B, RN-4220, XU-212, ATCC 
25923, and EMRSA-16 at 1 μg/ml; inhibits EMRSA-15 at 2 μg/ml [30].

Cannabicyclol (CBL) Represses biofilm formation against MRSA USA 300 [40].
4-Acetoxy-2-geranyl-5-hydroxy-3-n-
pentylphenol (CGB - derivative)

IC50 against MRSA ATCC 35591 at 6.7 μM; IC50 against S. aureus ATCC 29213 
12.2 μM [33].

5-Acetoxy-6-geranyl-3-n-pentyl-1,4-
benzoquinone IC50 against MRSA ATCC 43300 at 15 μg/ml [46].

5-Acetyl-4-hydroxycannabigerol IC50 against MRSA ATCC 35591 at 53.4 μM [33].
+/- 11-OH Δ9-THC Represses biofilm formation of MRSA USA 300 [40].
Methylated Cannabigerol Inhibits SA-1199B and XU-212 at 64 μg/ml [30].

Cannabinol (CBN)
Represses biofilm formation; MIC of 2 μg/ml against MRSA USA 300 [39, 40]. 
Inhibits SA-1199B, RN-4220, XU-212, ATCC-25923, and EMRSA-15 at 1 μg/ml 
[30].

8-Hydroxycannabinolic acid A IC50 against S. aureus ATCC 29213 3.5 μM [33].
1′S-hydroxycannabinol Active against MRSA ATCC 43300 at IC50 10.0 μg/ml [21].

Carmagerol Inhibits SA-1199B, RN-4220, and EMRSA-16 at 32 μg/ml; inhibits XU-212, ATCC 
25923, and EMRSA-15 at 16 μg/ml [30].

(-)Δ8-tetrahydrocannabinol (-Δ8THC) Against MRSA USA 300, MIC of 2 μg/ml; inhibits biofilm formation [39, 40].

Pre-∆9 -Tetrahydrocannabinol 
(Δ9-THCA)

Inhibits SA-1199B, XU-212,  and EMRSA-15 at 8 μg/ml; inhibits RN-4220, ATCC 
25923, and EMRSA-16 at 4 μg/ml [30]. Inhibits biofilm formation against MRSA 
USA 300 [40].

Δ9-tetrahydrocannabinolic acid A
(THCAA) MIC of 4 μg/ml against MRSA USA 300 [40].

Δ⁹-tetrahydrocannabinol (Δ9-THC)

Bacteriostatic and bactericidal against S. aureus ATCC 6538 in nutrient broth agar 
between 2-5 µg/ml and in horse blood agar between 20-50 µg/ml [50]. Represses 
biofilm formation; MIC of 2 μg/ml against MRSA USA 300 [39, 40]. Inhibits 
EMRSA-16 at 0.5 μg/ml; inhibits RN-4220, XU-212, and ATCC 25923 at 1 μg/ml; 
inhibits SA-1199B and EMRSA-15 at 2 μg/ml [30]. Protects mice from ARDS and 
toxicity post-SEB exposure by suppression of inflammatory cytokines and cessation 
of cytokine storm, attenuating SEB-mediated lung injury [45].

Tetrahydrocannabivarinic acid (THCVA) MIC of 16 μg/ml against MRSA USA 300 [40].
Δ9-tetrahydrocannabivarin (THCV) MIC of 4 μg/ml against MRSA USA 300 [40].
Exo-olefin THC Represses biofilm formation; MIC of 2 μg/ml against MRSA USA 300 [39, 40].
Terpenes and Terpenoids

Alpha-bisabolol (α-bisabolol; levomenol) Sesquiterpenoid. Disrupts bacterial cell membranes; increases susceptibility of 
S. aureus ATCC 6538 to many common antibiotics [51].

Carvacrol

A secondary terpene found in some cultivars. Targets the lipid bilayer of bacterial 
cytoplasmic membranes. MIC values against 25 strains of S. aureus range from 
0.015-0.03% (v/v) [65]. Effective against S. aureus 6-ME, 810-CT, 815-CT, 808-CT, 
5-ME, and 74-CCH: MIC of 0.015-0.031% (v/v); MBC of 0.062-0.125% (v/v); BIC 
(biofilm inhibitory concentration) of 0.031-0.125% (v/v); BEC (biofilm eradication 
concentration) of 0.125-0.5% (v/v) [66]. In both liquid and vapour forms, causes 
significant reduction in biofilm biomass and cultivable cell numbers of S. aureus 815 
[67]. Interferes with formation of dual-species biofilms consisting of S. aureus NCTC 
10788/ Salmonella enterica serovar Typhimurium  NCTC 74; total inhibition of dual-
species biofilm at high doses [68].

Eugenol
Inhibits growth and cell viability of a variety of S. aureus strains. MIC of 10 μg/ml 
against S. aureus ATCC 13150, S. aureus ATCC 6538, S. aureus ATCC 25923, and S. 
aureus  ATCC LB 126 [52].

Nerolidol Disrupts bacterial cell membranes; increases susceptibility of S. aureus ATCC 6538 to 
many common antibiotics [51].

Limonene A cyclic monoterpene. MIC of about 80 μg/ml and MBC of about 110 μg/ml against 
MRSA ATCC 43300: [53].

Para-Cymene (p-cymene) MIC of about 50 μg/ml and MBC of about 100 μg/ml against MRSA ATCC 43300 
[53].

Myrcene (β-myrcene)
Synergizes the antibiotic potency of other essential oil components against S. aureus 
and a number of other bacteria [54]. MIC of 8 μg/ml against S. aureus ATCC 6538 and 
S. aureus 18As; MIC of 32 μg/ml against S. aureus 386 [38].

Olivetol Inhibits SA-1199B, RN-4220, XU-212, EMRSA-15, and EMRSA-16 at 64 μg/ml; 
inhibits ATCC 25923 at 128 μg/ml [30].

1,8-Cineole

Bacteriostatic and bactericidal against S. aureus [54, 57]. Against S. aureus NCTC 
6571: MIC of 0.5% (v/v); MBC of 1 % (v/v) [57]. Causes predisposition to lysis, 
loss of NaCl tolerance, loss of 260-nm-absorbing material on S. aureus ATCC 9144 
[58]. MIC of 250 μg/ml against MRSA samples obtained from Eskisehir Osmangazi 
University [64].

α-Pinene

Inhibits growth and cell viability of a variety of S. aureus strains. Against S. aureus 
ATCC 25923, MIC20 of 13.6 μg/ml [59]. MIC of 1.25-2.5% (v/v) against S. aureus 
NCTC 9518 [60]. MIC of  20 μg/ml against S. aureus ATCC 13150, S. aureus ATCC 
6538, and S. aureus ATCC 25923; MIC of 10 μg/ml against S. aureus ATCC LB 126 
[52]. Against S. aureus ATCC 6538, MIC of 4 μg/ml; against S. aureus 18As and 
S. aureus 386, MIC of 16 μg/ml [38]. MIC of 1000 μg/ml against MRSA samples 
obtained from Eskisehir Osmangazi University [64].

β-Pinene

Inhibits growth and cell viability of a variety of S. aureus strains. MIC of 20 μg/ml 
against S. aureus ATCC 13150, S. aureus ATCC 6538, S. aureus ATCC 25923, and 
S. aureus ATCC LB 126 [52]. MIC against S. aureus ATCC 6538 at 4 μg/ml; MIC S. 
aureus 18As at 32 μg/ml; MIC S. aureus 386 at 8 μg/ml [38].

α-Terpineol
MIC between 0.16-0.31% (v/v) against S. aureus NCTC 9518 [60]. Causes 
predisposition to lysis, loss of NaCl tolerance, loss of 260-nm-absorbing material on 
S. aureus ATCC 9144 [58].

α-Terpinolene MIC against S. aureus ATCC 6538 at 8 μg/ml; MIC S. aureus 18As and S. aureus 
386 at 32 μg/ml [38].

Terpinen-4-ol

MIC between 0.31-0.63% (v/v) against S. aureus NCTC 9518 [60]. Causes 
predisposition to lysis, loss of NaCl tolerance, loss of 260-nm-absorbing material; 
electron microscopy showed formation of mesosomes and loss of cytoplasmic 
contents on S. aureus ATCC 9144 [58].

Thymol

A monoterpene. MIC values against 25 strains of S. aureus range from 0.03-0.06% 
(v/v) [65]. Effective against S. aureus 6-ME, 810-CT, 815-CT, 808-CT, 5-ME, 
and 74-CCH: MIC of 0.031-0.062% (v/v); MBC of 0.062-0.125% (v/v); BIC 
(biofilm inhibitory concentration) of 0.062-0.125% (v/v); BEC (biofilm eradication 
concentration) of 0.125-0.250% (v/v) [66]. MIC of about 80 μg/ml and MBC of about 
110 μg/ml against MRSA ATCC 43300 [53].

β-Caryophyllene Against S. aureus ATCC 25923 MIC20 of 5.1 μg/ml [59]. Against S. aureus ATCC 
6538, MIC of 16 μg/ml; S. aureus 18As and S. aureus 386, MIC of 32 μg/ml [38].

Humulene (α-Caryophyllene)  Against S. aureus ATCC 25923, MIC20 of 2.6 μg/ml [59].
β-amyrin MIC of 2.5 mg/ml against S. aureus NCTC 7447 [61].
Flavonoids
Cannflavin A IC50 against MRSA ATCC 43300 at 15 μg/ml [46].

Naringenin

Against S. aureus ATCC 6538, disrupts the cytoplasmic membrane at low levels; at high 
levels, damages cytoplasmic membrane, causing leakage of intracellular substances; 
DNA targeting effects; MIC of 1.84 mM (0.50 g l-1) [62]. Significantly reduces growth 
rate of S. aureus cells in the concentration range of 0 to 2.20 mM, with no growth 
detected within 14 h when concentration was 2.20 mM; disrupts the cytoplasmic 
membrane, affects the expression of fatty-acid synthesizing genes [63]. MIC of 512 μg/
ml and an MBEC corresponding to 2048 μg/ml against S. aureus 105 [41].

Acids

Caffeic Acid Caffeic acid is active on efflux pumps, inhibiting the MrsA pumps of the S. aureus 
strain RN-4220 and the NorA pump of the S. aureus strain 1199B [55].

Linoleic Acid
Efflux pump inhibition against MRSA RN-4220/pUL5054. At 16 μg/ml, linoleic acid 
displayed synergistic effects with erythromycin, reducing MIC value of erythromycin 
from 256 to 16 μg/m [56].
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found inhibitory zones against S. aureus to be 7.1, 14.4, 10.0, 5.2 
and 9.6 mm, respectively [17].

A 2008 study of native and naturalized plants in Minnesota and 
Wisconsin found that cannabis extracts had an inhibition zone of 25 
mm against S. aureus ATCC 12600 [42].

A 2011 study of cannabis extracts found strong antimicrobial 
activity against S. aureus. Inhibition zone diameter was positively 
correlated with extraction time (at 2 h, 8 h, and 18 h) and extraction 
method (acetone extraction vs. methanol extraction). Acetone 
extraction inhibition zones at 2, 8 and 18 h of extraction time were 
12, 16 and 20 mm, respectively; methanol extraction inhibition 
zones were 10, 14 and 20 mm, respectively [43].

A 2012 cannabis study from Chinese Medicine tested cannabis 
seed oil, and cannabis petroleum ether and methanol extracts of the 
whole plant against a number of microorganisms, including S. aureus 
25923. Seed oil had an inhibition zone of 28 mm, while petroleum 
ether extract had an inhibition zone of 23 mm and methanol extracts 
had an inhibition zone of 12 mm. MIC value of methanol extract of 
seed oil was 25 μg/ml; methanol extract of whole plant was 50 μg/
ml [7].

A 2014 study from Hazara University found in vitro activity of 
C. sativa leaf extracts against S. aureus ATCC 6538. The average 
inhibition zone of cannabis extract was 10.3 mm [35].

A study published in 2016 in the Records of Natural Products 
demonstrated antibacterial activity of a number of volatile 
fractions isolated from high potency C. sativa oil. IC50 values for 
S. aureus ATCC 29213 and MRSA ATCC 33591 were obtained. The 
volatile oil was active against S. aureus at  MIC50 of 44.71 μg/
ml, and against MRSA at MIC50 of 98.79 μg/ml. Six subfractions 
demonstrated potential antibacterial activity against both S. aureus 
and MRSA, with IC50 values between 0.93 μg/ml and 19.9 μg/ml 
against S. aureus and between 0.82 μg/ml and 17.34 μg/ml against 
MRSA [36].

A study published in 2018 in the Journal of Integrative 
Medicine evaluated the efficiency of ethanolic extracts of C. sativa, 
T. orientalis, and P. guajava against 20 MRSA strains. Cannabis 
extracts were effective individually at inhibiting MRSA strains; 
however, profound synergism was observed when cannabis extract 
was combined with T. orientalis extract [37].

A study published in 2018 in Molecules demonstrated 
antibacterial potential of cannabis essential oil and naringenin 
against several strains of S. aureus (S. aureus ATCC 29213, S. 
aureus 101 TV, S. aureus 104, and S. aureus 105). Essential oil was 
tested on all strains for MIC, MBC, and MBEC. Against S. aureus 
ATCC 29213, S. aureus 101 TV, and S. aureus 104, MIC, MBC, and 
MBEC values were identical, with MIC of  8 mg/ml, MBC of 16 
mg/ml and MBEC of 24 mg/ml. Against S. aureus 105 TV, MIC and 
MBC values were also reported at 8 and 16 mg/ml, respectively; 
MBEC was 16 mg/ml [41].

A study of EOs from different strains of fibre-type cannabis, 
published in Molecules in 2019, revealed 4 strains that inhibited S. 
aureus ATCC 6538 at MIC ranging from 2 to 16 μg/ml; 3 strains 
inhibited S. aureus 18As at MIC ranging from 16 to 32 μg/ml; and 

3 strains that inhibited S. aureus 386 at MIC ranging from 16 to 32 
μg/ml [38].

In 2020 a study published in LWT - Food Science and 
Technology, it was found that hemp seed extract had an MIC of 1 
mg/ml against S. aureus ATCC 35556 and S. aureus ATCC 25923. 
Complete biofilm inhibition of S. aureus ATCC 35556 occurred at 
concentrations of 0.5 mg/ml and 1 mg/ml [47].
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1. Introduction
Ornamental plants can have many useful purposes. Although 

they possess beautiful flowering and a lovely attraction, they are 
being grown not only for environment beauty in workplaces, homes, 
universities, etc., but also for spreading freshness and eliminating 
toxic volatile substances inside homes, hospitals, and workplaces 
[1, 2]. Another interest in ornamental plants comes from their 
medicinal use as they possess many bioactive compounds like 
flavonoids, phenolic acids, and vitamins [3, 4]. Plants in the Weigela 
genus are traditionally used to flourish gardens, homes, and other 
living areas. This genus contains ten species that are mainly found 
in Asia, but many cultivars have been cultivated [5]. Among those, 
W. florida “Jean's Gold” is a medium-sized ornamental shrub with 
green leaves and red flowers. Previous studies on some species 
of this genus led to a revelation of the presence of triterpenoid 
saponins, which possess interesting biological activities such as 
cytotoxicity, anti-complementary activity, and anti-inflammatory 
activity [5-8]. Based on this suggestion, a phytochemical study 
on the roots of W. florida “Jean’s Gold” was carried out using 
different chromatographic methods, analysis of 1D- and 2D-NMR, 
and mass spectroscopy using negative mode HRESI-MS. The 
isolation of three known oleanane-type triterpenoid saponins was 
further revealed. A suggestion for future phytochemical research 
on the Weigela genus were carried out together with the biological 
activities of components and specifically on oleanane-type 
triterpenoid saponins. This research will be useful to establish a 
relationship between the structure and activity of those saponins. 

2. Materials and methods
2.1. Plant material

The ornamental shrub W. florida “Jean's Gold” (Fig. 1) was 
collected in 2016 from the flower boutique Botanic, Quetigny, 
France at 47°18'45.6"N, 5°05'41.4"E. A voucher specimen was 
stored in Laboratoire de Pharmacognosie EA 4267, Université de 
Bourgogne, Dijon, France.

2.2. General experimental procedure

An automatic polarimeter AA-10R (Optical Activity®, 
England) was used to record optical rotation values. A Varian 
VNMR-S 600 MHz (Agilent Technologies®, USA) was used 
to record the 1D and 2D spectra including 1H, 13C, HSQC, 
ROESY, HMBC, TOCSY, COSY NMR, and further recorded 
at the temperature of 35oC in pyridine-d5 (C5D5N). HRESI-
MS in the negative mode was done by a micrOTOF II mass 
spectrometer (Bruker®, Germany). A microwave apparatus 
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(MARS 6, CEM®, USA) was used to perform the extractions. 
The performance of VLC (Vacuum liquid chromatography) 
was carried out on normal phased silica gel 60 (60-200 
µm, Merck®, Germany). MPLC (Medium-pressure liquid 
chromatography) was carried out on normal phased silica gel 
60 (Merck®, Germany) with an M305 pump (Gilson®, USA). 
HPTLC (High-performance thin-layer chromatography, 
Merck®, Germany) and TLC (Thin layer chromatography, 
Silicycle®, Canada) were precoated silica gel plates 60F254. A 
vanillin reagent prepared by dissolving 1% vanillin in a solvent 
of EtOH:H2SO4 (50:1, v/v) was used to reveal the saponins in 
the samples. The phytochemical study was carried out at the 
Laboratory of Pharmacognosy, University of Burgundy, Dijon, 
France. The spectroscopic data were recorded at the Faculty 
of Science and Technology, University of Siegen, Siegen, 
Germany.  

2.3. Extraction and isolation of compounds

After drying the whole plant at room temperature, each 
part of W. florida “Jean's Gold” was separated individually 
for different purposes. The dried root (58 g) was ground and 
further presented to an extraction using the microwave-assisted 
method with a solvent of EtOH: H2O (75:35) in the following 
conditions: 60oC, 200 W, 45 min, 400 ml each x 3 times. After 
removing solvent using a rotary evaporator at 53oC, 5.2 g of 
crude extract was collected and further submitted to a VLC 
reversed-phased silica gel RP-18 with each 500 ml of solvents 
including 100% H2O, 50% EtOH/50% H2O, and 100% EtOH 
yielding three fractions A-C. Fraction B (295.4 mg) was 
separated by an MPLC on normal-phased silica gel 60 using 
solvent CHCl3/MeOH/H2O 75/25/3, 70/30/5, 60/32/7 (v/v/v) 
to give 4 subfractions B1-B4. Subfraction B2 was fractionated 
again by a successive MPLC on normal-phased silica gel 60 
(CHCl3/MeOH/H2O 70/30/5, v/v/v) resulting in compound 1 
(wbr2314) (3.5 mg). Subfractions B3 was presented to a normal 
phased MPLC on silica gel 60 using solvent CHCl3/MeOH/
H2O 70/30/5, 60/32/7 (v/v/v) affording compound 2 (wbr2311) 
(4.2 mg) and compound 3 (wbr2321) (3.5 mg) (Figs. 2-6).

Compound 1: Amorphous powder. 1H-NMR (pyridine-d5, 600 
MHz) and 13C-NMR (pyridine-d5, 150 MHz), see Tables 1 and 2. 
HRESI-MS (negative mode) m/z 1160.4 [M-H]‒, C57H92O24. 

Compound 2: Amorphous powder. 1H-NMR (pyridine-d5, 600 
MHz) and 13C-NMR (pyridine-d5, 150 MHz), see Tables 1 and 2. 
HRESI-MS (negative mode) m/z 1160.1 [M-H]‒, C57H92O24. 

Compound 3: Amorphous powder. 1H-NMR (pyridine-d5, 600 
MHz) and 13C-NMR (pyridine-d5, 150 MHz), see Tables 1 and 2. 
HRESI-MS (negative mode) m/z 1322.1 [M-H]‒, C63H102O29.

3. Results and discussion
The aqueous ethanolic crude extract of the roots of W. florida 

“Jean’s Gold” was isolated and purified by various chromatographic 
methods running on normal phased silica gel affording compounds 

3 
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Table 1. The spectroscopic data of the aglycone moiety of 1-3 
(C5D5N, δ in ppm, J in Hz).

1  2   3
δC δH  δC δH   δC δH

1 39.0 0.94, 1.55 38.7 0.94, 1.52 m 39.1 0.96, 1.53

2 27.0 1.84, 2.12 m 26.5 1.83, 2.13 26.8 1.87, 2.12 m

3 88.6 3.33 dd (11.7, 4.0) 88.8 3.31 dd (12.1, 3.6) 89.0 3.31 dd (12.0, 3.9)

4 39.5 ‒ 39.6 ‒ 39.6 ‒

5 56.2 0.85 d (12.0) 56.0 0.84 d (12.0) 56.3 0.83

6 18.5 1.30, 1.55 m 18.4 1.27, 1.49 m 19.0 1.33, 1.50 m

7 33.3 1.24, 1.50 m 32.9 1.30, 1.46 33.5 1.26, 1.48 m

8 39.7 ‒ 39.9 ‒ 39.8 ‒

9 48.0 1.64 dd (15.2, 8.7) 48.1 1.65 dd (15.2, 8.8) 48.1 1.66

10 37.0 ‒ 37.2 ‒ 37.2 ‒

11 23.8 1.88, 1.94 23.6 1.89, 1.96 23.8 1.90, 1.95

12 122.5 5.45 t-like (3.7) 123.0 5.46 t-like (3.6) 123.1 5.45 t-like (3.8)

13 145.0 ‒ 145.1 ‒ 145.0 ‒

14 42.1 ‒ 42.2 ‒ 42.3 ‒

15 28.3 1.22 m, 2.12 27.9 1.22, 2.16 27.9 1.23, 2.16

16 24.0 1.96, 2.20 24.1 1.96, 2.15 24.0 1.97, 2.17

17 46.6 ‒ 46.5 ‒ 46.7 ‒

18 42.0 3.31 dd (11.8, 3.9) 42.0 3.33 dd (12.0, 4.0) 42.2 3.36 dd (11.8, 3.9)

19 46.5 1.33, 1.82 46.4 1.32, 1.82 46.6 1.30, 1.83

20 30.9 ‒ 31.0 ‒ 31.2 ‒

21 34.2 1.22 m, 1.50 m 34.4 1.24, 1.46 34.3 1.23, 1.46

22 33.4 1.82, 2.05 m 33.2 1.85, 2.10 34.0 1.85, 2.05

23 28.5 1.34 s 27.9 1.31 s 27.8 1.35 s

24 17.1 1.21 s 17.2 1.12 s 17.4 1.21 s

25 15.4 0.90 s 16.0 0.91 s 15.6 0.90 s

26 17.3 0.98 s 17.5 0.99 s 17.4 1.01 s

27 26.2 1.31 s 26.2 1.33 s 26.3 1.33 s

28 180.0 ‒ 180.2 ‒ 180.3 ‒

29 33.5 0.96 s 33.5 0.95 s 33.6 0.97 s

30 23.5 1.02 s 23.7 1.05 s 23.5 1.05 s
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1, 2, and 3. The structural determination of these compounds was 
carried out by spectroscopic methods (1D- and 2D-NMR) and 
mass spectroscopy (HRESI-MS in negative mode). The sugar 
moieties were determined by 2D-NMR analyses including HMBC, 
COSY, HSQC, ROESY, and TOCSY as three xylopyranosyl, 
one rhamnopyranosyl, one glucopyranosyl for compound 1, two 
xylopyranosyl, one arabinopyranosyl, one rhamnopyranosyl, one 
glucopyranosyl for compound 2, and three xylopyranosyl, one 
rhamnopyranosyl, two glucopyranosyl for compound 3. Their 
absolute configurations were further determined to be D for 
xylose (Xyl) and glucose (Glc) and L for rhamnose (Rha) and 
arabinose (Ara) according to previous methods of acid hydrolysis 
and absolute configuration determination [9]. The relatively 
large values of Ara, Xyl, and Glc from 7.2 to 8.0 Hz revealed a 
β anomeric orientation for Xyl and Glc, and the α for Ara. The 
relatively large JC-1,H-1 value of Rha from 165 to 167 Hz indicated 
an α-equatorial pyranoid form for this anomeric proton.

Compound 1 displayed a pseudo-molecular ion peak [M-H]‒ 
at 1160 compatible with a molecular formula of C57H92O24 (see 
Fig. 6 in Supplementary data). Seven angular methyl groups were 
showed on the aglycone of the HSQC spectrum of compound 1 at 
δH/δC 1.34 (s)/28.5 (23-Me), 1.21 (s)/17.1 (24-Me), 0.90 (s)/15.4 
(25-Me), 0.98 (s)/17.3 (26-Me), 1.31 (s)/26.2 (27-Me), 0.96 
(s)/33.5 (29-Me) and 1.02 (s)/23.5 (30-Me) (Table 1). In addition, 
the observation of the characteristic signal was reached as one 
olefinic proton at δH/δC 5.45 (br t, J=3.6 Hz)/122.5 (C-12). The 
positions of those signals were assigned by HMBC cross-peaks 
(Fig. 3). The configurations of H-3, H-5, H-9, H-12 and H-18 
were determined by analysing ROESY spectra at δH/δH 1.34 (23-
Me α-equatorial)/3.33 (H-3 α-axial), 1.34 (23-Me α-equatorial)/ 
0.85 (H-5 α-axial), 1.31 (27-Me α-axial)/1.64 (H-9 α-axial), 1.02 
(30-Me β-axial)/3.31 (H-18 β-axial), and 3.31 (H-18 β-axial)/5.45 
(H-12 β-equatorial). Those of cross-peaks were validated the 
configuration of 3-OH as β-equatorial (Fig. 4). All the evidence 
above led to an assignment to the aglycone of compound 1 as 
oleanolic acid which was in agreement with literature data [8]. 

The sugar region of compound 1 displayed five signal protons 
at δH 4.84 (d, J=7.3 Hz), 5.27 (d, J=7.5 Hz), 5.05 (d, J=7.6 
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correlations with five signal carbons through the HSQC spectrum 
at δC 106.1, 107.4, 105.6, 103.3 and 101.5 respectively (Table 2). 
Analysing the extensive NMR spectra including 1H, 13C, HSQC, 
HMBC, TOCSY, ROESY and TOCSY led to an identification of 
three Xyl, one Glc and one Rha moiety. The establishment of the 
oligosaccharidic sequence of compound 1 was carried out using 
ROESY and HMBC spectra: the HMBC correlation at δH/δC 4.84 
(d, J=7.3 Hz)/88.6 (C-3) and the ROESY cross peak at δH/δH 4.84 
(d, J=7.3 Hz, Xyl I-1)/3.33 (dd, J=11.7, 4.0 Hz, 3-H) displayed the 
linkage between the Xyl I and the C-3 position of the aglycone. 
The Rha was identified to be linked to the Xyl I by the HMBC 
correlation at δH/δC 6.49 (br s, Rha-1)/77.7 (Xyl I-2) together with 
the ROESY correlation at δH/δH 6.49 (br s, Rha-1)/4.24 (Xyl I-2). 
The (1→3) cross peak of Xyl II and Rha was determined by the 

Table 2. The spectroscopic data of the sugar moieties of 1-3 
(C5D5N, δ in ppm, J in Hz).

1 2 3

δC δH δC δH δC δH

Ara-1 105.1 4.89 d (6.0)

2 75.5 4.56 t (6.0)

3 74.4 4.24

4 69.2 4.23 m

5 65.3 3.81,4.33 dd 
(11.6, 3.6)

Rha-1  101.5 6.49 br s 101.4 6.19 br s 101.5 6.51 br s

2 71.6 4.92 br s 71.8 4.86 br s 71.8 4.97 br s

3 83.3 4.71 dd (9.2, 2.8) 83.1 4.65 dd (9.6, 2.8) 83.4 4.75 dd (9.5, 3.5)

4 72.7 4.46 dd (9.6, 9.2) 72.8 4.47 dd (9.6, 9.2) 72.7 4.47 dd (9.5, 9.3)

5 69.5 4.77 dq (9.6, 6.4) 69.6 4.62 dq (9.2, 6.0) 69.5 4.77 dq (9.3, 5.9)

6 18.3 1.64 d (6.4) 18.4 1.55 d (6.0) 18.5 1.66 d (5.9)

Xyl-1 106.1 4.84 d (7.3) 106.9 5.27 d (7.5) 105.9 4.84 d (7.5)

2 77.7 4.24 75.4 4.05 77.7 4.19

3 76.3 4.15 76.1 4.17 79.8 4.15

4 71.6 4.17 77.7 4.28 71.7 4.17

5 67.2 3.71, 4.35 64.8 3.64, 4.39 dd (11.3, 5.1) 67.3 3.75 t (11.1),
4.32 dd (11.1, 4.9)

Xyl II-1 107.4 5.27 d (7.5) 105.5 5.07 d (7.5) 107.0 5.27 d (7.5)

2 75.4 4.05 74.5 4.01 75.5 4.06

3 76.3 4.14 78.4 4.13 76.3 4.12

4 77.8 4.26 70.9 4.16 77.7 4.21

5 64.6 3.67, 4.36 67.5 3.67 t (10.6), 4.26 64.8 3.64 t (11.1),
4.38 dd (11.1, 4.8)

Xyl III-1 105.6 5.05 d (7.6) 102.8 5.47 d (6.0)

2 74.7 3.99 73.8 4.16

3 78.4 4.09 76.3 4.18

4 70.6 4.14 70.5 4.24

5 67.5 3.66, 4.26 66.3 3.73 t (11.3),
4.63 dd (11.3, 4.1)

Glc I-1 103.3 4.99 d (8.0)  103.2 4.98 d (7.6) 102.7 4.92 d (7.6)

2 74.0 4.03 74.3 4.03 74.4 4.02

3 76.1 4.24 76.2 4.21 82.4 4.44

4 80.8 4.26 80.7 4.25 74.3 4.56 dd (9.4, 9.1)

5 76.5 3.90 76.7 3.93 m 77.6 3.83 m

6 61.4 4.47, 4.49 61.6 4.45, 4.49 61.4 4.34, 4.37

Glc II-1 104.6 5.51 d (8.0)

2 75.4 4.05

3 71.4 4.16

4 78.2 4.19

5 78.6 3.93 m

6 62.6 4.26 dd (11.9, 5.3),
4.42
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HMBC correlation at δH/δC 5.27 (d, J=7.5 Hz, Xyl II-1)/83.3 (Rha-
3) together with the ROESY cross peak at δH/δH 5.27 (d, J=7.5 Hz, 
Xyl II-1)/4.71 (br s, Rha-3). The linkage between the Glc and the 
Xyl II was identified by the HMBC cross peak at δH/δC 4.99 (d, 
J=8.0 Hz, Glc-1)/77.8 (Xyl II-4) and the ROESY cross peak at δH/
δH 4.99 (d, J=8.0 Hz, Glc-1)/4.26 (Xyl II-4). Finally, the terminal 
sequence β-D-xylopyranosyl-(1→4)-β-D-glucopyranosyl was 
established by the HMBC cross peak at δH/δC 5.05 (d, J=7.6 Hz, 
Xyl III-1)/80.8 (Glc-4) and the ROESY correlation at δH/δH 5.05 
(d, J=7.6 Hz, Xyl III-1)/4.26 (Glc-4). 

Due to the results above, the structure as Olean-​12-​
en-​28-​oicvacid,v3-​[(O-​β-​D-​xylopyranosyl-​(1→4)​-​O-​β-​D-​
glucopyranosyl-​(1→4)​-​O-​β-​D-​xylopyranosyl-​(1→3)​-​O-​6-​deoxy-​
α-​L-​mannopyranosyl-​(1→2)​-​β-​D-​xylopyranosyl)​oxy]​-​,c(3β)​- 
was established for compound 1. Comparison with literature 
data revealed that this compound was firstly isolated from 
Pterocephalus hookeri [10].

The similar HRESI-MS of compound 2 as compound 1 was 
shown with a pseudo-molecular ion peak [M-H]‒ at 1160 related 
to a molecular formula of C57H92O24 (see Fig. 12 in Supplementary 
data). Analysing 1D and 2D NMR revealed that the aglycone of 
compound 2 was the same as compound 1 (Table 1). The difference 
between these compounds was only displayed in the sugar region 
which further identified that the Xyl I moiety in 1 was replaced by 
the Ara moiety in compound 2 (Table 2). This identification was 
confirmed by analysing mainly ROESY and HMBC spectra: the 
HMBC cross peak at δH/δC 4.89 (d, J=6.0 Hz, Ara-1)/88.8 (C-3), 
together with the ROESY cross peak at δH/δH 4.89 (d, J=6.0 Hz, 
Ara-1)/3.31 (dd, J=12.1, 3.6 Hz, 3-H) displayed a linkage of the 

Ara at the C-3 position of the aglycone. The Xyl I was determined 
to be linked to the Rha by the HMBC correlation at δH/δC 6.19 (br 
s, Rha-1)/75.5 (Ara-2) and the ROESY correlation at δH/δH 6.19 
(br s, Rha-1)/4.56 (Ara-2). The oligosaccharidic sequence was 
further established as Xyl II-(1→4)-Glc-(1→4)-Xyl-(1→3)-Rha-
(1→2)-Ara by comparison with those data of compound 1 (Fig. 5).

According to all the evidence above, the structure as Olean-​
12-​en-​28-​oic acid, 3-​[(O-​β-​D-​xylopyranosyl-​(1→4)​-​O-​β-​D-​
glucopyranosyl-​(1→4)​-​O-​β-​D-​xylopyranosyl-​(1→3)​-​O-​6-​deoxy-​
α-​L-​rhamnopyranosyl-​(1→2)​-​α-​L-​arabinopyranosyl)​oxy]​-​, (3β)​- 
was elucidated for compound 2. This saponin has been already 
isolated from W. x “Bristol ruby” [7].

The pseudo-molecular ion peak [M-H]‒ at m/z 1322 in the 
HRESI-MS led to an establishment of the molecular formula of 
compound 3 as C63H102O29 (see Fig. 18 in Supplementary data). 
Comparison with signal data in the aglycone region of compound 
1 gave an identification that the aglycone of compound 3 was 
the same as compounds 1 and 2 (Table 1). The molecular weight 
of compound 3 differs than compound 1 by 162 amu indicating 
the supplement of one additional sugar unit. Six anomeric cross-
peaks in the HSQC spectrum at δH/δC 4.84 (d, J=7.5 Hz)/105.9, 
5.27 (d, J=7.5 Hz)/107.0, 5.47 (d, J=6.0 Hz)/102.8, 4.92 (d, J=7.6 
Hz)/102.7, 5.51 (d, J=8.0 Hz)/104.6 and 6.51 (br s)/101.5 were 
identified as three β-D-xylopyranosyl, one α-L-rhamnopyranosyl, 
and two β-D-glucopyranosyl.

The establishment of the oligosaccharidic chain and heterosidic 
linkage was further achieved by analysing the 2D NMR spectra 
(HSQC, COSY, ROESY, HMBC, TOCSY). The HMBC cross 
peak at δH/δC 4.84 (d, J=7.5 Hz)/89.0 together with the ROESY 
cross peak at δH/δH 4.84 (d, J=7.5 Hz)/3.31 (dd, J=12.0, 3.9) 
confirmed that the Xyl I was attached to the C-3 position of the 
aglycone (Table 2). The oligosaccharidic sequence attached to the 
C-2 position of the Xyl I was confirmed by the HMBC cross peaks 
at δH/δC 6.51 (Rha-1)/77.7 (Xyl I-2), 5.27 (Xyl II-1)/83.4 (Rha-3), 
4.92 (Glc I-1)/77.7 (Xyl II-4), 5.51 (Glc II-1)/82.4 (Glc I-3) and 
5.47 (Xyl III-1)/74.3 (Glc I-4), in combination with the ROESY 
cross peaks at δH/δH 6.51 (Rha-1)/4.19 (Xyl I-2), 5.27 (Xyl II-
1)/4.75 (Rha-3), 4.92 (Glc I-1)/4.21 (Xyl II-4), 5.51 (Glc II-1)/4.44 
(Glc I-3) and 5.47 (Xyl III-1)/4.56 (Glc I-4). The conclusion was 

Fig. 5. Structure of compound 2 (HMBC correlations in red, ROESY 
correlations in blue).
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further reported as the (1→3) and (1→4) linkages between Glc II, 
Xyl III and Glc I, the (1→4) linkage between Glc I and Xyl II, the 
(1→3) linkage between Xyl II and Rha (Fig. 6). Based on above 
results, structural characterization of compound 3 was established 
as Olean-​12-​en-​28-​oic acid, 3-​[(O-​ β-D-​glucopyranosyl-​(1→3)​
-​O-​[α-​L-​xylopyranosyl-​(1→4)​]​-​O-​β-​D-​glucopyranosyl-​(1→4)​
-​O-​β-​D-​xylopyranosyl-​(1→3)​-​O-​6-​deoxy-​α-​L-​rhamnopyranosyl-​
(1→2)​-​β-D-​xylopyranosyl)​oxy]​-​, (3β)​-. Literature revealed that 
this compound was firstly isolated from W. x “Bristol ruby” [7].

Previous studies led to the conclusion that the oleanane-type 
triterpenoid saponins exhibit various biological activities including 
anti-tumour, anti-allergic, anti-inflammatory, immunological, 
anti-bacterial, and molluscicidal activities [11]. Specifically, 
various phytochemical and biological studies have been carried 
out on some species of the Weigela genus, which revealed that the 
oleanane-type triterpenoid saponins potentially possess biological 
activities. The investigations on cytotoxic activity against some 
cancer cell lines for the triterpenoid saponins isolated from W. 
stelzneri and W. x “Bristol ruby” were carried out against SW480, 
EMT6, and CT26 cancer cell lines that further exhibited a potent 
result for the oleanane-type triterpenoid saponins with high 
IC50 values [7, 8]. The immunological activity of oleanane-type 
triterpenoid saponins isolated from W. florida “rumba” (Bunge) A. 
DC was further evaluated by A.S.C. Tixier, et al. (2018) [12]. The 
first evaluation on toxicological properties in an in vivo zebrafish 
assay of those saponins revealed a significant result from the larvae 
in the range of 1 µM [5]. The characterisation of those saponins 
gives a better understanding of the phytochemistry and biological 
activities of the Weigela genus and suggests more evaluations of 
biological activity to be performed in order to establish structure 
activity related to these compounds.

4. Conclusions
Three oleanane-type triterpenoid saponins were characterised 

from the roots of W. florida “Jean’s Gold” using various 
chromatographic methods. Their structures were further 
established by spectroscopic analysis of 1D- and 2D-NMR and 
mass spectroscopy (HRESI-MS in negative mode) in combination 

with data from the literature. Full structural characterisation of 
these three compounds together with structure activity discussion 
based on facts from the literature afford us a better understanding 
of the Weigela genus phytochemistry and putative biological 
activities.
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The pseudo-molecular ion peak [M-H]‒ at m/z 1322 in the HRESI-MS led to an 
establishment of the molecular formula of compound 3 as C63H102O29 (see Fig. 18 in 
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gave an identification that the aglycone of compound 3 was the same as compounds 1 and 
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achieved by analysing the 2D NMR spectra (HSQC, COSY, ROESY, HMBC, TOCSY). 
The HMBC cross peak at δH/δC 4.84 (d, J=7.5 Hz)/89.0 together with the ROESY cross 
peak at δH/δH 4.84 (d, J=7.5 Hz)/3.31 (dd, J=12.0, 3.9) confirmed that the Xyl I was 
attached to the C-3 position of the aglycone (Table 2). The oligosaccharidic sequence 
attached to the C-2 position of the Xyl I was confirmed by the HMBC cross peaks at δH/δC 

6.51 (Rha-1)/77.7 (Xyl I-2), 5.27 (Xyl II-1)/83.4 (Rha-3), 4.92 (Glc I-1)/77.7 (Xyl II-4), 
5.51 (Glc II-1)/82.4 (Glc I-3) and 5.47 (Xyl III-1)/74.3 (Glc I-4), in combination with the 
ROESY cross peaks at δH/δH 6.51 (Rha-1)/4.19 (Xyl I-2), 5.27 (Xyl II-1)/4.75 (Rha-3), 4.92 
(Glc I-1)/4.21 (Xyl II-4), 5.51 (Glc II-1)/4.44 (Glc I-3) and 5.47 (Xyl III-1)/4.56 (Glc I-4). 
The conclusion was further reported as the (1→3) and (1→4) linkages between Glc II, Xyl 
III and Glc I, the (1→4) linkage between Glc I and Xyl II, the (1→3) linkage between Xyl 
II and Rha (Fig. 6). Based on above results, structural characterization of compound 3 was 
established as Olean-12-en-28-oic acid, 3-[(O- β-D-glucopyranosyl-(1→3)-O-[α-L-
xylopyranosyl-(1→4)]-O-β-D-glucopyranosyl-(1→4)-O-β-D-xylopyranosyl-(1→3)-O-6-
deoxy-α-L-rhamnopyranosyl-(1→2)-β-D-xylopyranosyl)oxy]-, (3β)-. Literature revealed 
that this compound was firstly isolated from W. x “Bristol ruby” [7]. 

 
Fig. 6. Structure of compound 3 (HMBC correlations in red, ROESY correlations 
in blue). 
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1. Introduction
BD is a severe mental disorder that afflicted 40 million 

individuals globally in 2019. BD is defined as a brain condition 
that causes a person to experience significant changes in emotions, 
mood, and energy levels ranging from extremely low to extremely 
high [1]. Life is split into two realities for the many millions of 
people who suffer from bipolar illness across the world: mania and 
depression. BD is divided into three typical types, although there 
are numerous variations.

Bipolar type I is defined as a person who has manic episodes 
or signs of manic episodes for at least seven days [1]. Bipolar 
type I individuas may necessitate emergency hospitalization in 
some situations. Depressive episodes have also been known to 
last for at least two weeks. In addition, bipolar type II is defined 
as a sequence of depressed and hypomanic episodes rather than 
the full-blown manic episodes as seen in BD type I. Finally, 
cyclothymia, another form of BD, is defined as a mood disorder 
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Abstract:

Bipolar disorder (BD) is a serious mental disorder that globally affected 40 million people in 2019. According to the National 
Alliance on Mental Illness (NAMI), the present state of scientific knowledge only permits psychiatrists to diagnose BD using 
subjective and imprecise questionnaires. Therefore, developing a diagnostic tool with objective and precise biomarkers 
should be a major focus of research in this field. Among the potential biomarkers for BD, electroencephalogram (EEG)-
based signatures of BD are considered to be the most optimal marker due to their strong links with behavioural symptoms 
and also their non-invasiveness. The goal of this review is to give a detailed summary of current techniques for investigating 
the traces of BD through EEG abnormalities. In this review, 13 studies from databases such as ScienceDirect and PubMed 
seeking to utilize EEG characteristics to diagnose BD were selected. The search keywords were “EEG in BD diagnosis”, 
“EEG microstates in BD”, and “EEG features for BD patients”. The publication date was set from 2007 to 2021. From these 
studies, we synthesize the effects of BD on each EEG feature, as well as detail the pros and cons when using each feature as 
a biomarker for BD. Results showed that EEG microstates demonstrate their potential among the seven EEG properties 
discussed in this article, as shown by several studies. By definition, EEG microstates are a dynamic representation of the 
spatial distribution of the scalp's electric potential as it varies over time. Specifically, four microstate classes recorded in 
different brain regions are classified into A (right-frontal left-posterior), B (left-frontal right-posterior), C (midline frontal-
occipital), and D (midline frontal topographies). Greater presence of microstate class B in BD patients during task-free 
resting states are a distinctive characteristic of BD patients from which BD can be differentiated from other psychiatric 
illnesses. Besides microstates, EEG resting states are also considered to have a bright future in BD diagnosis. Specifically, 
by investigating brain frequency bands, researchers have discovered that BD patients exhibit abnormal delta and alpha 
signals as compared to healthy controls (HCs). The abnormalities of microstate B in EEG microstate characteristics would 
be the most promising biomarker for detecting BD. In addition, anomalies in delta and alpha signals during resting EEG 
states are possible BD diagnostic indicators.

Keywords: bipolar disorder, EEG diagnosis, EEG features.
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BD typical symptoms
As mentioned before, bipolar patients mainly suffer from 

two distinctive phases:
Phase 1: Depression period
During the depression period, patients likely experience:
+ Lack of motivation, energy
+ Irritability
+ Feeling negative about everything
+ Suicidal thoughts
+ Insomnia, lack of appetite
+ Delusion, hallucination, and illogical thinking are 

discovered in emergency cases
Phase 2: Maniac period
During the maniac period, patients likely suffer from:
+ Overly happy, elated
+ Feeling irritated and agitated
+ Spending significant sums of money on expensive and, 

at times, unaffordable objects is an example of conduct that 
frequently has negative outcomes.

+ Making decisions or speaking things that others perceive 
as hazardous or damaging and that are out of character

+ Insomnia, lack of appetite
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in which sufferers experience hypomania and mild depression (at 
least for two years). People with cyclothymia find it difficult to 
find a good balance in their lifestyles [1].

According to NAMI, a physician may perform a physical 
examination, conduct an interview, and request laboratory testing 
to diagnose BD [2]. While a blood test or body scan cannot detect 
BD, they may help rule out other disorders that might mimic it, 
such as hyperthyroidism [3]. Therefore, developing a diagnostic 
tool with a greater scientific basis is the main target of this research 
with the understanding that EEG can be applied to diagnose BD 
and especially to distinguish BD from other serious psychiatric 
disorders such as schizophrenia (SCH). Realistically speaking, 
EEG is a diagnostic tool that is used to record electrical activity in 
the brain. By using small, metal electrodes attached to the scalp, 
EEG can record the electrical impulses that are communicated 
by our brain cells and display them as wavy lines on an EEG 
recording [4].

In neuro-engineering, EEG has been widely used to detect 
many serious brain disorders such as epilepsy, SCH, and so on 
[4]. To the best of the authors’ knowledge, despite being applied in 
diagnosing many psychiatric disorders, there is not much research 
about using EEG as a diagnostic tool to detect BD. Traditionally, to 
diagnose BD, the results are mainly dependent on patient reports, 
which are subjective [5]. Therefore, this study aims to fulfil that 
missing piece by focusing on using EEG signals to detect and 
classify BD with other disorders. Therefore, in this review, the 
cognitive and affective changes in BD patients are meticulously 
discussed. Based on those abnormalities, studies about utilizing 
EEG features in diagnosing BD will be presented in a systematic 
way. Moreover, this review also suggests the most optimal solution 
for the diagnosis.

2. Paper selection criteria
Fifty papers were selected from academically trusted scientific 

library sources such as PubMed and ScienceDirect. After analysing 
all articles, only 13 papers fit all criteria (listed below) and were 
utilized for this review. In the scope of this review, the literature 
contains several articles with focus on specific biomarkers, 
literature reviews, or computational methods for BD diagnosis. 
This review is structured by the cognitive and affective changes 
in BD patients, followed by a brief explanation of EEG features to 
diagnose BD based on these changes. Finally, the research topics 
will be presented as well as some research constraints.

Included criteria: All research papers applied the Diagnostic 
and Statistical Manual of Mental Disorders, Fourth Edition 
(DSM-IV) as the standard subject recruitment criterion. Selected 
papers must be authored by credentialed professionals or reliable 
sources. In addition, researchers must provide precise results with 
a justifiable explanation. 

Excluded criteria: After vetting the papers with multiple 
online sources, papers that only give hypotheses and do not have 
convincing arguments will be rejected. Besides that, papers that 

were published before 2,000 were also excluded to maintain the 
applicability of this review.

3. BD cognitive and affective changes
BD exemplifies the notion of mood and affect. Numerous 

studies suggest that bipolar illness may be associated with the 
disturbance of the brain or other bodily functions [3]. However, no 
distinct theoretical standpoint has been established. However, the 
viewpoint of applying EEG in psychiatry as an alternative to the 
DSM for understanding and treating people with mental disorders 
has been mentioned. This method is commonly used by healthcare 
professionals for the treatment and education of individuals 
with mental problems. BD patients often encounter physiologic 
alterations. Hence, in our review, all of the main findings about the 
cognitive and affective alterations in BD patients are summarized 
in Fig. 1 below:
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Cognitive changes 

Fig. 1. A summary of behavioural changes in BD patients in terms 
of cognitive and affective functions.

3.1. Cognitive changes

The mental processes that allow us to receive, assess, store, 
process, develop, and recover knowledge gained from external 
stimuli are referred to as brain cognitive functions. This process 
improves our capacity to grasp and relate to the world. Cognitive 
alterations have been widely observed in bipolar patients [3]. 
Many studies have been carried out that describe as well as explain 
these abnormal changes. These changes can be typically listed as:

Milder memory, visuospatial, and executive function deficits: 
Although BD patients perform numerically better than patients 
with SCH in terms of neurocognitive performance, bipolar 
adults demonstrate the same qualitative impairment pattern in 
both diseases. Specifically, studies indicate that some individuals 
with BD have also complained of memory impairment during 
periods of elevated and depressed emotions, as well as at other 
times. As a person's mood changes, they may also experience 
memory alterations. Therefore, memory issues might worsen 
when an individual's mood grows more intense [3]. Moreover, 
many studies have shown that unaffected relatives and children 
of bipolar patients exhibit mild memory, visuospatial, and 
executive function deficits [3]. Specifically, endophenotype 
biomarkers have indicated that BD is commonly inherited, with 
genetic factors accounting for around 80% of the disease's causes. 
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Bipolar depression is the most common mental condition that 
is handed down from generation to generation. If one parent 
has BD, their child has a 10% risk of developing the disease.

Poorer decision-making and declarative memory: When 
compared to HCs, bipolar patients display psychomotor 
retardation as well as poor declarative memory, decision-
making, and, to a lesser extent, visual memory, and attention 
[3]. Scientists discovered that alterations in the brain cause 
memory issues in certain individuals with BD. Alteration in the 
prefrontal cortex can be damaging as it is involved in planning, 
attention, problem-solving, and memory, among other tasks [2].

Lower verbal memory, verbal fluency, and cognitive 
estimating skills: A study has shown that when compared 
to depressed and remitted patients, bipolar patients exhibit 
lower verbal memory, verbal fluency, and cognitive estimating 
skills [3]. The study also indicated that the primary symptom 
of bipolar depression is a loss of verbal memory. Moreover, 
another research showed that manic episodes were associated 
with more severe deficiencies in verbal and working memory, 
executive function/reasoning, and problem-solving [6]. 

Therefore, several research studies have revealed that bipolar 
individuals, regardless of their stage of disease, exhibit cognitive 
deficiencies. At the time of their release from an inpatient facility, 
BD patients were shown to have a worse cognitive profile than 
depressive patients in terms of psychomotor slowness and selective 
attention in one study [7]. Conspicuously, the examination of the 
same group of participants six to eight weeks after release found 
that manic patients had retained the same pattern of impaired 
psychomotor speed and a high tendency for the perseverative 
behaviours that they exhibited at the time of discharge [7].

3.2. Affective changes

Fear, pleasure, the satisfaction of all sorts, sexuality, and 
jealousy are among the brain activities related to emotions [8]. 
Affective functions are situated in the brain's most fundamental 
areas, particularly the limbic region, which we share with many 
other animals [8]. In bipolar individuals, affective functioning 
alterations are different among the disorder’s phases. For most BD 
patients, these changes can be typically listed as:

Extreme mood fluctuations: A person suffering from depression 
or mania may experience extreme mood fluctuations (also known 
as mood swings). Mood fluctuations may catch them off guard at 
first. However, BD patients may notice trends or symptoms that 
they are approaching a phase of mania or depression over time 
since the patterns of mood fluctuations mainly depend on the type 
of BD [8].

Changes in their thinking and behaviour: In most cases, 
BD patients exhibit changes in their thinking and behaviour. 
Frequently, BD individuals may exhibit pressurized speech and 
racing thoughts during manic episodes. In some cases, patients 
with BD are delusive in certain critical circumstances. For instance, 
they may believe that they have supernatural powers. In addition, 

bipolar individuals also experience depressed episodes along 
with euphoric moods, which are comparable to major depressive 
disorder (so-called unipolar depression) [8].

3.3. Changes in the body’s physiological activities

Aside from changes in mood, BD patients are also observed 
to have changes in their physiological activities. Many studies 
have pointed out some typical lifestyle changes observed in 
manic patients that could be the result of physiological changes. 
For instance, in a study on women with mental disorders [9], in 
the instance BD, women are more likely to engage in reckless 
sexual conduct. In another study, researchers studied 63 female 
outpatients with a diagnosis of bipolar illness from the bipolar 
program at Favaloro University [10]. The remaining 63 women 
had no psychiatric history and maintained a healthy lifestyle. 
The 63 bipolar women were not in committed monogamous 
partnerships and engaged in casual sexual activity. They also had 
personal relationships with people whose HIV or other sexually 
transmitted illness status were unknown. In addition, they were 
infected with two or more sexually transmitted diseases. The 
authors determined that women with bipolar illness were more 
prone than healthy women (women without BD) to engage in 
hazardous and promiscuous conduct [10]. According to the 
American Psychiatric Association, BD is characterized by 
fundamental sleep disturbances. The diagnostic criteria also imply 
that during manic periods there may be a decreased demand for 
sleep, but during depressive episodes, insomnia or hypersomnia 
may occur virtually every day. 

The physiological alterations of BD patients are explained in 
Table 1.
Table 1. Physiological changes in BD patients.

Physiological changes in BD patients

Sleep pattern
People with bipolar illness report lower-quality sleep in general 
between cycles, including increased night waking, an overall 
impression of less sleep, and occasional insomnia.

Energy level
Sleep difficulties are connected to lower energy levels and, as a 
result, a lower probability of engaging in healthy habits in people 
with bipolar (e.g., socializing, shopping, cooking, and exercising).

Alcohol and drug use

Self-medicating with drugs and alcohol is prevalent among 
individuals with BD. At first, these medications appear to alleviate 
the symptoms of manic and depressive episodes, which explains 
why so many people with bipolar illnesses become addicted.

Sex drive

Sexual activities may be affected by the illness. Patients may 
suffer from hypersexuality during a manic episode. This might put 
them at a greater risk of harmful activities, such as developing a 
sexually transmitted infection (STI).

4. EEG biomarkers in BD diagnosis
4.1. EEG microstates

What are EEG microstates? EEG microstates are fleeting, 
or quasi-stable, patterned states [8]. These microstates typically 
last between milliseconds and seconds and represent the most 
fundamental manifestations of human brain processes; they are 
hence dubbed "the atoms of cognition". Initially, microstates 
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estimations and analysis were performed using alpha-band activity, 
but nowadays, wider bandwidth EEG bands are commonly used. 
Due to the quasi-stability of microstates, global EEG topography 
is stable, but intensity and polarity may fluctuate [11].

How is an EEG microstate obtained? In one observational 
study, researchers aimed to apply electroencephalographic 
microstates to classify SCH and BD [11]. Twenty SCH patients 
(mean age 25.2±6.8, n=15 females), thirty-four BD patients 
(mean age 22.8±4.12, 13 female), and thirty-five HCs (mean age 
24.9±6.2, n=25 females) were recruited. EEG data of the patients 
were recorded for 3 min at a resting state while they closed their 
eyes and sat on a chair comfortably. Fig. 2 illustrates the process 
of EEG data collection and processing. Specifically, data were 
acquired using a 64-channel device (Brain Product) and sampled 
at 5,000 Hz. The impedances were maintained under 5 Kohm. 
MATLAB 2013b and the MATLAB EEGLAB toolbox were 
employed to pre-process the data. A 48-52 Hz Parks-McClellan 
stop-band notch filter was employed to reduce electric interference 
from the 50 Hz line. Then, the data were band-pass filtered (0.1-40 
Hz) and downsampled to 250 Hz. The data then were segmented 
into epochs of 2 s and poor epochs were discarded with evident 
muscle activation after being verified visually. Besides this, the 
researchers also employed independent component analysis (ICA) 
to eliminate the oculomotor component when necessary. Finally, 
the data were referred to as the average reference and bandpass 
filtered to 2-20 Hz. Microstate analysis was performed using 
MATLAB 2013b. Figure 3 depicts the four microstate classes for 
SCH patients, BD patients, and HCs. The 4 microstate classes 
explained 76.2, 74.1, and 76.0 percent of the global variation in 
SCH, BD, and HC patients, respectively, while one-way ANOVA 
revealed no significant differences (p=0.126) between SCH, BD, 
and HC patients. To exclude the effect of the varied template maps 
in different epochs, the global field power (GFP) of the EEG data 
was estimated for each participant with the longest length. In the 
first stage, all GFP peaks from all participants were clustered to 

generate the template maps. In the second step, all GFP peaks from 
the first step were clustered to identify which class each subject's 
template maps at each time point belonged to. When clustering, 
the modified k-means method with k restricted to 100 was utilized. 
In order to maintain continuity with earlier investigations, the EEG 
data were separated into four microstate topographies. The goal of 
this study is to analyse the four EEG microstates; we acquire four 
typical microstates for three distinct groups and all participants, 
independent of their medical condition. Across all groups, a 
global segmentation was performed, and one set of template maps 
was fitted to the initial data. These four all-group template maps 
as shown in Fig. 3 were then utilized to derive the microstate 
properties. Based on the microstate transition, the chance of 
transition between every two microstates back and forth was 
estimated. Twelve observed possible transitions were considered 
[11].

EEG microstates in BD: As mentioned before, EEG microstates 
are considered one of the most state-of-the-art techniques in 
diagnosing many serious psychiatric disorders. In some studies, 
this even alters the conventional questionnaire diagnostic tools. 
Although many psychological studies have been conducted 
to diagnose SCH, few studies use this innovative technique to 
distinguish BD from other psychiatric disorders. According to a 
study, the researchers investigated the microstate features of EEG 
in patients with SCH, BD, and HCs to give an electro-directional 
physiological explanation and any mutual mechanism for the 
observed brain dysfunction of SCH and BD [11]. Another study, 
employed EEG microstates to investigate any potential resting 
state temporal dynamics abnormalities in BD. The findings are 
stated in Fig. 3 [12].
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EEG microstate data were transformed into four types of 
microstate topographies (A, B, C, D). From the experimental 
results, the authors concluded that BD patients exhibited a 
greater presence of microstates A compared to that of SCH [11]. 
Regarding microstates B, BD patients exhibit a greater presence of 
those microstates than that of SCH [11], and a reduced presence of 
microstates B in BD compared to HCs [12]. BD patients displayed 
less presence of microstates C than that of SCH [11]. Finally, BD 
patients displayed a greater presence of microstates D than that 
of SCH [8]. Table 2 illustrates all the findings from [11] and [13].
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As can be seen from Table 2, bipolar patients exhibit greater 
frequent switching between microstates A and C, D and vice 
versa compared to SCH patients. Therefore, in clinical practice, 
microstate analysis can play a crucial role in diagnosing patients 
more accurately and treating them properly.
Table 2. EEG microstate findings summary in BD and SCH.

Microstate BD SCH

A

BD patients exhibit a greater presence of microstate class 
A [11].

SCH exhibits less presence of 
microstate classes A and B [13].

B

BD patients exhibit a greater presence of microstate 
class B [8].
However, when compared to HCs, BD patients indicated a 
reduction in microstate B [13].

C

BD patients exhibit less presence of microstate class C 
compared to the SCH group [11]. SCH patients indicate a greater 

presence of microstate class C 
and class D compared to the BD 
group [11].

D

BD patients exhibit less presence of microstate class D 
compared to the SCH group [11].

4.2. EEG resting states

What are EEG resting states? Recently, neuroimaging 
technologies have emerged as crucial tools for evaluating the 
brain status of individuals with consciousness issues (DOC). The 
recording and analysis of resting-state EEG have been extensively 
used by physicians owing to their comparatively cheap cost 
and portability [13]. EEG represents the electrical activity of 
the underlying neurons and includes information on neuronal 
population oscillations, the channel of information flow, and brain 
activity networks. Several characteristics obtained from EEG 
signal processing techniques have been presented to characterize 
the electrical properties of the brain with DOC. The calculation of 
these characteristics is difficult for physicians who are attempting 
to interpret the related physiological implications and then use 
them clinically. Resting EEG data indicate spontaneous neural 
activity that is pertinent to the underlying brain state. In contrast, 
relevant characteristics generated from resting-state EEG may 
be useful for monitoring the brain status of DOC patients and 
contributing to care-related decisions. For that reason, EEG resting 
states are well-investigated to enhance our knowledge of the EEG 
features of DOC [13]. 

EEG resting states in BD: Another method, also one of the 
most promising EEG features in diagnosing BD, is the resting 
state. Resting-state EEG evaluations are designed to determine 
intrinsic brain activity not induced by a task. In an attempt to use 
EEG to diagnose BD, studies have been carried out [14-17]. 

D.J. Kim, et al. (2013) [14] employed disturbed resting state 
EEG synchronization to diagnose BD. It is hypothesized that a 
crucial aspect of BD is the disruption of functional connectivity, 
which represents disturbances of synchronization and oscillations 
within brain networks. During this project, the authors aimed to 
discover if individuals with BD have different synchronization 

or network characteristics in their resting EEG. In another study, 
resting EEG was once again utilized to distinguish between 
individuals with first-episode SCH, bipolar psychosis, and their 
first-degree relatives [15]. The researchers also employed resting 
EEG methods to investigate whether SCH and bipolar patients 
suffer from altered cortical functional networks [16]. Last, but not 
least, researchers also examined the relationships between cortical 
network indices and psychiatric, clinical, or cognitive measures to 
broaden current knowledge about both brain disorders. 

Additionally, to differentiate between the following psychotic 
disorders SCH, BD and methamphetamine-induced psychotic 
disorder, F.M. Howells, et al. (2018) [17] used electroencephalographic 
delta/alpha frequency activity. Regarding their methodology, EEG 
was recorded under three different testing conditions: resting eyes 
open, resting eyes closed, and while performing cognitive tasks 
(visual continuous performance task). From those aforementioned 
studies, EEG data were extracted and processed before presenting 
the results. The EEG is a system that measures the frequency of brain 
waves. Generally, the raw EEG is described in terms of frequency 
bands: delta, alpha, gamma, and theta.

● For delta, when compared to multiple personality disorder 
(MPD) for the right hemisphere, bipolar patients exhibited lower 
delta/alpha frequency activity in resting eyes closed. However, 
when compared to HCs, bipolar patients displayed higher delta/
alpha frequency activity during resting eyes opened [17].

● For alpha, BD patients exhibited a decrease in mean 
synchronization [13]. Also, in another study, there was a reduction in 
alpha activity in BD patients and reduced peak alpha frequencies [15].

● For gamma, gamma frequency band activities increased in 
bipolar patients when compared to first-episode SCH patients [15].

● For theta, theta frequency band activities increased in bipolar 
patients when compared to first-episode SCH patients [15]. Table 
3 below summarizes the main findings from the aforementioned 
research.
Table 3. A brief summary of brain wave changes in BD patients 
compared to other psychiatric conditions.

Brain 
wavebands

Frequency 
range Main findings References

Alpha 8-12 Hz

Patients with BD demonstrated a reduction in mean 
synchronization. In addition, there was a decrease 
in alpha activity and peak alpha frequencies in BD 
patients.

[14, 15]

Gamma >30 Hz Gamma frequency band activities increased in BD 
patients when compared to first-episode SCH patients. [15]

Theta 4-8 Hz Theta frequency band activities increased in BD 
patients when compared to first-episode SCH patients. [15]

Delta 0.5-4 Hz

In contrast to individuals with MPD for the right 
hemisphere, bipolar patients displayed decreased 
delta/alpha frequency activity in the resting/eyes 
closed state. However, compared to HCs, bipolar 
patients exhibited more delta/alpha frequency activity 
during eyes-open rest compared to CHs.

[17]



LIFE SCIENCES | BIOMEDICAL APPLICATIONS

89DECEMBER 2022 • VOLUME 64 NUMBER 4

4.3. Other EEG features

Qualitative EEG (qEEG) is well-known as an optimal 
diagnostic tool in psychiatric diagnosis. With that in mind, the 
following study was carried out by comparing the differences and 
similarities between women with attention deficit hyperactivity 
disorder  (ADHD), women with BD, and female HCs using 
qEEG [18]. In other words, they examined the similarities in EEG 
spectral power abnormalities during rest and cognitive function 
between women with ADHD and women with BD. The researchers 
discovered that during resting state conditions, the post-hoc tests 
displayed significantly higher absolute theta power in the ADHD 
group compared to HCs, but not during the Cue (CPT-OX). Their 
statistical technique also demonstrated that the BD group had 
significantly higher absolute theta power than the HCs, although 
not during the Cue (CPT-OX). Finally, during resting state or 
CPT-OX, no significant changes in absolute theta power between 
the ADHD and BD groups were found. While HCs demonstrated 
a task-related increase in absolute theta activity from resting to 
cognitive task, neither the BD nor the ADHD groups showed any 
significant changes. These findings might indicate evidence for 
commonalities in brain dysfunction between ADHD and BD. In 
both illnesses, absolute theta power may also serve as a marker of 
neurobiological processes.

Domain analysis, state-of-the-art techniques, and neural 
networks: A. Khaleghi, et al. (2015) [19] wants to utilize various 
domain analyses, state-of-the-art methodologies, and neural 
networks to classify the EEG signal of adolescents with BD I 
and BD II. Four alternative feature selection methods: mutual 
information maximization (MIM), conditional mutual information 
maximization (CMIM), fast correlation-based filter (FCBF), and 
double input symmetrical relevance (DISR) were used to determine 
the most discriminative features. Finally, for each feature selection 
technique, the extracted features were fed into a multi-layer 
perceptron (MLP) neural network as a classifier, and the system's 
performance was calculated. For the first time, the researchers used 
quantitative EEG processing techniques to classify BD subtypes. 
It was discovered that the PSD (power spectrum density) of the F3 
and F4 channels of BD I and BD II were almost identical, although 
the spectrograms varied noticeably. As a result, spectrum-based 
features were more effective for distinguishing sub-types. The 
results demonstrate that combining DISR with MLP yields the 
greatest accuracy of 91.83%, which is acceptable for a medical 
diagnostic system. Furthermore, the following order of best to the 
worst performance in four distinct feature selection algorithms 
was provided as follows: DISR > CMIM > MIM > FCBF (average 
accuracy rate for test data set: 91.83>89.67>86.33>84.61).

 The error-related negativity (ERN) and event-related brain 
potential (ERP): Some other EEG features that captured the 
attention of neurologists are the ERN and ERP. As far as we 
know, ERN is an electrical measure believed to reflect changes 
in dopamine when individuals make errors while performing 
cognitive activities, while ERP is defined as the brain's measurable 
reaction to a sensory, cognitive, or motor event. A study recorded 

EEG data from 16 patients with BD (euthymic state) and 14 
matched HCs while executing a speeded two-choice reaction-time 
paradigm (flanker task) while EEG measurements were obtained 
to explain lower performance monitoring in BD using EEG signals 
[20]. The two groups' behavioural and ERP measures were then 
compared. As a result, S. Kim, et al. (2020) [16] found that, despite 
being euthymic, individuals with BD suffered more depressive 
symptoms than CHs. While no behavioural abnormalities were 
detected, when residual mood effects were considered, individuals 
with BD had lower ERN amplitudes than CHs. By observing lower 
ERN amplitudes, the researchers concluded that the reduction 
in ERN values in the BD group represented less performance 
monitoring that can expand our current knowledge of executive 
functioning in BD.

EEG power, cordance, and coherence: Researchers utilized 
EEG power, cordance, and coherence differences between unipolar 
and bipolar depression in this study [20]. A total of 25 bipolar and 
56 unipolar depression patients were enrolled in the research. In 
addition to the resting state EEG, sociodemographic and clinical 
variables were obtained. When parametric assumptions were 
satisfied, data was examined using multivariate and repeated 
analyses of variance. No variations in EEG absolute power or 
frontal asymmetry indices were found between UD and BD in the 
research [18]. In terms of cordance, there were significant group 
differences in right theta cordance values (p=0.031). In terms of 
coherence, BD showed significantly higher central-temporal theta 
(p=0.003), parietal-temporal alpha (p=0.007), and theta (p=0.001) 
coherence than UD patients. Finally, the right frontal-central 
(p=0.007) and central inter-hemispheric (p=0.019) regions of the 
brain showed weaker alpha coherence in BD.

EEG entropy: As far as we know, EEG entropy is an EEG 
features that applies the idea of entropy to time series like EEG 
to provide a means to measure, in a statistical sense, the level 
of uncertainty or unpredictability in the pattern. The goal of this 
recent study [21] was to investigate if a deficit in EEG entropy 
might be applied as a biomarker for BD and SCH patients with 
impaired function. The researchers examined EEG spectral 
entropy modulation during a P300 task in 79 SCH patients (31 
first episodes), 29 BD, and 48 HCs. Then, they performed a 3-tone 
auditory oddball task (P300 task), which is a well-established 
cognitive activity and event-related potential with a known spatial 
distribution. Meanwhile, C. Tas, et al. (2015) [22] discovered that 
patients with chronic or first-episode SCH and patients with BD 
had substantial spectral entropy modulation impairments with task 
performance, despite no significant pre-stimulus spectral entropy 
variations. MRI results also indicated the structural connectivity 
values were unrelated to the modulation of spectral entropy. 
Finally, the abnormalities were independent of treatment dosages, 
and there was no difference in spectral entropy modulation between 
individuals receiving antipsychotics, lithium, benzodiazepines, or 
antidepressants. As a result, in our review, Fig. 4 below illustrates 
important information of EEG features in bipolar diagnosis.
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5. Conclusions
In conclusion, this review presented a systematic mapping 

of EEG BD biomarkers, as well as a number of recent research 
works each with a brief explanation and comparison as well as a 
discussion of their state-of-the-art achievements. In this review, 
we categorized potential biomarkers into seven categories and 
concluded that the microstate features in EEG results would be the 
most potential marker in diagnosing BD because of the abnormal 
presence of microstate B in EEG topography. Additionally, the 
abnormalities in delta and alpha signals from EEG resting states 
were considered to be potential markers for diagnosing BD. 
Moreover, using other EEG features such as qualitative EEG 
(qEEG), EEG combining domain analysis and neural networks, 
EEG combining ERN and ERP measurements, EEG power, 
cordance and coherence, and EEG entropy could also potentially 
broaden our understanding of mental health problems like BD.
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1. Introduction
Nowadays, biological processes are mainly applied to wastewater 

treatment plants, especially the activated sludge process (ASP). 
However, there are still many drawbacks of biological processes, for 
example, the need for pre-treatment, the high energy requirements for 
aeration and stirring, and low nutrient removal capacity [1, 2]. Moreover, 
the removal of phosphorus in wastewater, which is usually done by 
chemical and physical processes like flocculation, comes with high cost 
and low treatment efficiency. Due to these existing shortcomings, the 
application of microalgae-based wastewater treatment systems using 
wastewater as a source of nutrients has been successfully developed 
in recent years and brought about positive results to the treatment of 
nitrogen (N), phosphorus (P), and algal biomass recovery [3-5]. The 
advantage of using algae corresponds to the ability to remove nitrogen 
and phosphorus in wastewater through the assimilative process of 
biomasses, which has been studied as a post-treatment process [6], in 
urine [7], aquaculture wastewater [8], and livestock wastewater [9]. In 
addition, utilizing microalgae to convert carbon emissions into biomass 
is regarded as one of the most cost-effective methods of CO2 reduction, 
and the obtained biomass of algae could become a high-profit product 
like biofuels, food sources, or nutraceuticals [10, 11]. However, the 
widespread adoption of microalgae-based technology is constrained 
due to high cost of operation and biomass harvesting. It is estimated that 
about 20-30% of operating costs during the cultivation of microalgae are 
from microalgal biomass harvesting through coagulation/flocculation, 
centrifugation, or flotation [12].

The symbiotic co-culture of microalgae and AS has been increasingly 
taken more advantage of due to the consistent ability of carbon dioxide 
to produce oxygen, which decreases the need for aeration, increases 
nutrient removal rates, and promotes high microalgae recovery [13-
15]. On the other hand, a phenomenon called “bio-flocculation” 
appears when microalgae and other microorganisms are associated in 
a co-culture. Extracellular polymer compounds such as polysaccharides 
and proteins will be secreted into the medium to form flocs that cause 
bio-flocculation when co-cultivating microalgae and AS [16, 17]. 
Through the flocculation process, the size of the flocs increase by cell 
aggregation, which enhances the settling rate of the biomass. Bio-
flocculation effectively eliminates the need for chemical flocculants, 
and thus represent an inexpensive, non-feasible, and toxic alternative 
for effective biomass harvesting. During flocculation, the sizes of the 
floc cells are increased by an aggregation of cells that can enhance the 
biomass settling rate. However, bio-flocculation is currently not widely 
applied in harvesting steps because of the high production cost of bio-
flocculants and the challenge of controlling the process on an industrial 
scale. An ideal bio-flocculant should be inexpensive, nontoxic, and 
effective at low concentrations and it should preferably be derived from 
non-fossil fuel sources, thus being sustainable and renewable.

In this study, microalgae and activated sludge as co-cultures were 
experimented in a low aPBR to reduce the effort of energy usage. To 
promote an easy way to harvest the microalgae by gravity settling, two 
settling times of 3 h and 0.5 h were investigated in terms of wastewater 
treatment ability and bio-flocculation process of the co-culture system.

Effects of settling time on the flocculation progress and treatment performance 
in the co-culture of microalgae-activated sludge photobioreactor 
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2. Materials and methods
2.1. Microalgae-activated sludge co-culture
The co-culture of microalgae and activated sludge at the ratio 5:1 

(%w:%w) was chosen for this experiment due to the higher nutrient 
removal efficiencies (5-40%) and biomass growth rate comparing 
to other inoculation ratios. The microalgae strain Chlorella 
Vulgaris was used in this study due to its well-known benefits (e.g., 
biofuels, medical application, etc.) [18]. The strain was taken from 
Aquaculture Research Institute 2, Ministry of Agriculture and Rural 
Development, Vietnam. The aerobic AS was taken from a membrane 
bioreactor (MBR) treating supermarket wastewater in Ho Chi Minh 
city. The initial biomass concentration of co-culture was 400 mg/l.

2.2. Synthetic wastewater
In this study, the co-culture was cultivated by synthetic 

wastewater with characteristics of 400±20 mg.l-1 of COD. Total 
nitrogen (TN) was present in the form of ammonium at 40±1.4 mg.l-1, 
and nitrate and nitrite nitrogen were not detected. The N/P mass 
ratio was about 10. In addition, 1 ml of trace elements was prepared 
following Bold’s basal medium (BBM) [19, 20] per liter of feeding 
wastewater. The initial pH of synthetic wastewater was controlled 
by NaHCO3 (10%) in the range 7-7.5 for the biological growth of 
microorganisms.

2.3. Experimental system set-up
The tubular PBR system consisted of a closed cylindrical acrylic 

column with a height of 41.75 cm and diameter of 17 cm. The water 
level was 30 cm with a total volume of 10 l and a working volume 
of 7 l. The PBR was operated at a low agitation speed of 80 rpm 
without aeration, which is called an PBR. The PBR system was 
installed in a wooden box with a thickness of 10 mm to prevent loss 
of light and temperature fluctuations (maintained around 27-32oC). 
Light was provided by 3800-4000 lux LED lights (SMD 5050, 
China) with a light-dark cycle of 14:10 (h). 

2.4. Operating conditions
The PBR system was operated with synthetic wastewater 

in a sequencing batch process of 24 h each cycle with a volume 
exchange ratio of 50%. Initially, one cycle consisted of 15 min 
influent addition, 20.5 h reaction phase (with agitation), and 3 h 
settling. The settling time was reduced based on the settling velocity 
at the steady state as follows: day 1-day 63 was 3 h, then day 63-
day 90 was 0.5 h. The reaction phase correspondingly increased and 
a 15-min effluent withdrawal of the suspended biomass was done 
while the settled biomass was remained for use in the next batch. 
The effluent was withdrawn by an effluent valve and stored in an 
Erlenmeyer flask for water quality analysis within 1 d of sampling.

2.5. Analysis method
The samples of each reactor were collected daily. The influent 

was prepared weekly and analysed. For characterization of the 
microalgae and AS biomass, the mixed liquid-suspended solids 
were collected via the middle valve in the reaction phase. Then, the 
COD, ammonia, NO3-N, NO2-N, total phosphorus (TP), and Mixed 
liquor suspended solids (MLSS) concentrations were analysed in 
accordance with standard methods [21].

In this research, microalgal biomass evaluation was conducted 
based on Chlorophyll-a (Chl-a) in the mixture of AS and microalgae 
[22]. Chl-a concentration was used to represent the growth of the 
algal biomass [23]. Chl-a in mixture of AS and microalgae was 
extracted by acetone solution [24] and a 20-ml well-mixed biomass 
sample was taken from the reactor to analyse sludge and algae 
characteristics. The biomass concentration and Chl-a concentration 
correlation was done through the following calibration curve of 
Chl-a and MLSS: y=7.7191x+759.04.

3. Results and discussion
As denoted in Fig. 1, after 11 days of operation, the total 

biomass concentration increased from 0.4 to 1.14 g/l for the co-
culture system i.e., microalgae:AS inoculum ratio of 5:1 was 
strongly decreased to 1:2.33. It was observed during that time the 
flocculation process had yet not started (before day 63), the AS was 
dominant (microalgae fraction was below 10%), and the microalgae 
concentration decreased from 0.5 to around 0.105±0.041 g/l. The 
biomass fractions of microalgae and activated sludge also changed 
following the formation of bio-flocculants (Fig. 1). It is important to 
note that a major change of biomass fraction was observed between 
the initial and final stage of the experiment: the fraction of activated 
sludge remained stable at 84% in the first 30 day, then it decreased 
gradually to around 18% after day 63 when bio-flocculation occurred. 

Fig. 1. Growth of microalgae and AS in the PBR at different settling 
times under low agitation speed (top) and microscopic observation 
on (A) day 14, (B) day 53, and (C) day 83 (x40) (bottom).

Another study evaluated the growth of co-cultures in different 
microalgae where AS inoculum ratios were tested from 1:1 to 9:1, 
with a stirring speed of 100 rpm, and a low COD/N wastewater  
ratio of 2.5:1 and showed the opposite result [25]. At the end of the 
experiment, the microalgae fraction inside all the co-culture systems 
were above 70% with the dominance of microalgae. The reason being 
that the composition of feeding wastewater for microalgae and AS 
comprised a high COD/N ratio (10:1). As it is known that microalgae 
exhibit shorter lifetimes than AS, there might have been a struggle to 
compete with AS for the nutrient uptake [26] and this high COD/N 
ratio could elevate the biomass growth rate of AS rather than that 
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of microalgae due to sufficient COD in wastewater. Besides, under 
conditions of total biomass concentration over 1.0 g/l (before Day 63) 
with high AS density, a stirring speed of 80 rpm may not be sufficient 
to help microalgae access to light and overcome the dense cover of 
AS, thereby slowing their growth.

3.1. Biomass growth and flocculation

Despite growth being adversely affected, bio-flocculation was 
promoted and began being recognized clearly after day 63. In addition, 
reducing the settling time from 3 to 0.5 h enforces the bio-flocculation 
process by increasing the amount of small-sized biomass being washed 
out of the system. This will help classify the groups of microorganisms 
that tend to create high-density flocs, which are retained in the aPBR, 
and remove the low-density groups of microorganisms that tend to be 
suspended, which are released after discharge phase.

When appearing together in one co-culture, microorganisms can 
secrete extracellular polymer compounds, such as polysaccharides and 
proteins, to form bio-flocculants with microalgae. These results lead 
to a strong increase of microalgal biomass [27]. In the formed flocs, 
AS tends to act as a core to adhere the externally suspended algal cells 
(see Fig. 1B). This can be explained by the fact that microalgae are 
photoautotrophs, and the way they appear around the border of flocs 
could give them easier access to light outside the aPBR and overcome 
the covering phenomena by the AS. In addition, after reducing the 
settling time, the dense structure of microalgae-AS biomass (Fig. 
1C) with higher settling rates in heavy flocs occupy less space inside 
the PBR but contain more microorganisms, which help to increase 
light penetration inside the co-culture and show positive results in 
enhancing microalgae growth. 

With an agitation speed of 80 rpm, the microalgal growth 
significantly prevailed over AS growth. In fact, the bio-flocculant of 
algal-bacteria can accelerate the microalgal growth rates, enhance 
wastewater removal efficiency, boost the carbohydrates and lipid 
content in microalgae, promote microalgal flocculation processes, and 
facilitate microalgal cell wall disruption [28].

After reducing the settling time, aggregation of the biomass 
could already be observed, which also obviously influenced the 
settling velocity. Indeed, the co-culture flocculant obtained after 
day 63 exhibited a higher settling velocity of 3.56 m/h than only 
microalgae culture, which was less than 0.0036 m/h [29]. Therefore, 
after the flocculation process, the settling time was efficiently reduced 
from 3 to 0.5 h without any negative affect to the co-culture system. 
These results indicate that the effort to harvest microalgae could be 
reduced if the co-culture in PBR is operated under an appropriate 
operating condition by stimulating the flocculation process. However, 
bio-flocculation is a complex process that combines microalgae 
self-aggregation (i.e., filamentous microalgae), the flocculation of 
produced algae, and bio-flocculant-producing bacterial species (i.e., 
EPS) [30]. Agitation is responsible for creating cell-to-cell contact 
between microalgae and bacteria without cell stress or lysis over a 
period of time [31]. According to O. Tiron, et al. (2017) [29] and 
M. Xu, et al. (2015) [32], under certain hydrodynamic conditions, the 
formed flocs are strong and similar in size as the weaker ones break 
and re-flocculate until they are strong enough to resist the shear stress, 
i.e., turbulence, which can promote bio-flocculation by increasing the 

collision frequency while the shear stress can promote microbial cell 
aggregation.

3.2. Nitrogen removal

In terms of nitrogen pollutants, poor ammonium removal in co-
cultures with low agitation speed was due to low hydraulic retention 
time and high ammonia concentration in feed water [33]. Fig. 2 
has shown the ammonium removal performance during the whole 
experiment with initial concentrations of 40 mg/l for a 2-day hormone 
replacement therapy (HRT). After 1-2 days of co-cultivation, although 
the nitrifiers and microalgae did not present a good adaptation ability 
in the new environment in co-culture, heterotrophs in the activated 
sludge showed good ability in assimilated COD. During that time, 
when the ammonium removal only reached higher than 20%, nitrate 
concentration also showed a negligible value (<0.05 mg/l). However, 
after this beginning period, the nitrifiers showed good nitrification 
process in the following days. Nitrate concentration in the effluent has 
shown that when the first period had a dominance of bacteria in the 
microbial consortium, it showed better nitrification than the second 
one. Accordingly, the average removal efficiency of ammonium in 
the 3 h settling period was 42%, which is significantly higher than 
the 28% of the 0.5 h settling period.  In the 3-h settling period, if 
ammonium removal took place by nitrification process of AS, it 
is uptake into biomass by microalgae in the 0.5 h settling time. In 
microalgae-bacteria systems, microalgae mainly provide oxygen for 
bacteria to remove organic substances and actively uptake nutrients 
[34]. However, without atmospheric CO2, the photosynthesis of 
microalgae was limited as the only CO2 supply was from AS, which 
leads to longer time for ammonium accumulation into microalgal 
biomass. At the end of the experiment, ammonium removal efficiency 

Fig. 2. Ammonia removal (top) and nitrogen compounds (bottom) 
in the PBR with different settling time.
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reduced to lower than 30%, and this demonstrated a solution to 
increase the ammonium removal ability of co-culture that should be 
investigated in future studies.

On the other hand, the study by C.S. Lee, et al. (2015) [24] 
showed that nitrogen removal efficiency was positively related to 
light intensity and microalgal biomass. In this study, total biomass 
reached its highest concentration of 2.509±0.212 g/l on day 67 of the 
operation but tended to decrease to approximately 2.200 g/l by the end 
of the experiment. An increase of biomass concentration could lead to 
reduced light transmission, which may significantly reduce nutrient 
removal performance.

3.3. Phosphorus removal

Phosphorous in wastewater is primarily removed by biomass 
uptake and precipitation [35]. Throughout our experiment, the pH 
value remained in the range of 6.5-8.5, which means that phosphorous 
removal by precipitation was negligible. It can thus be confirmed that 
the phosphorus removal mechanism principally depends on biomass 
uptake capacity. Fig. 3 shows that after only 2 days of experiment, TP 
removal efficiency reach over 90%, which indicated that co-culture 
in PBR systems have a good ability for P uptake without aeration 
provision. During the whole experiment, TP removal efficiency 
varied from 90-97% without any significant fluctuation implying that 
there was no strong relationship between TP removal and settling 
time. Moreover, it seemed that bio-flocculation did not affect the 
phosphorus and nitrogen removal either. One possible explanation is 
due to the fact that nutrient removal is dependent on the O2 generation 
rate and coupling with CO2 from AS biodegradation, which was 
initially proportional to the algal density within a certain range. 
However, when the biomass concentration inside the PBR overcame 
the maximum supply of light, the nutrient removal efficiency rapidly 
reached its limit. After the microalgae concentration reached that 
value, the nutrient uptake rate possibly remained at a certain level, 
without any increase, following the growth of microalgae [36]. The 
remark from the results was the bio-flocculation could have occurred 
under stress condition (light-shading, high COD/N ratio, without 
aeration) and not coupling with high nutrient removal efficiency.

Fig. 3. Total phosphorus removal performance in the PBR with 
different settling time under low agitation speed.

3.4. COD removal

Concluding comprehensibly, AS treats organic matter in 
wastewater and produces CO2 and inorganic nutrients required by 

microalgae, while microalgal photosynthesis generates O2 back 
for the AS thus forming the synergistic relationship in co-culture 
systems [37]. The analysis of COD in effluent was done during the 
experiment (Fig. 4) with initial concentrations of 400 mg/l for a 2 
day HRT. After 4 days of experiment, microbes in the co-culture 
removed 70% of COD, which showed that bacteria in activated sludge 
has a good ability to adapt to the new environment with microalgae. 
When the settling time was 3 h, there was a small fluctuation in COD 
removal efficiency of co-culture system. However, the COD removal 
efficiencies during that time were always above 70%, and gradually 
increased to over 90% when the settling time was reduced from 3 to 
0.5 h. In another previous study, microalgae were demonstrated to 
play a dominant role in nitrogen removal via biological assimilation 
while activated sludge was responsible for improving COD removal 
[25]. In the first period in which AS was dominant, the COD removal 
efficiency was lower than when microalgae became dominant as bio-
flocculant. These results imply that the COD removal by co-culture is 
accomplished by symbiotic interactions between activated sludge and 
microalgae, which help each other to enhance overall COD removal. 
The possible interactions are enhanced while the bio-flocculation was 
configured, and bacteria concentration remained low as well. At the 
end of experiment, while the bacteria took a small fraction in total 
biomass, the co-culture still had a good ability to remove COD up to 
95.3% (day 85), which indicated the potential of applying co-culture 
in wastewater treatment using aPBR - an energy-saving system.

Fig. 4. COD removal performance in the PBR with different settling 
time.

4. Conclusions
Under the following typical conditions such as COD/N (10:1) 

in raw wastewater and a light:dark cycle of 14:10, the results 
obtained indicate the vital role of microalgae-AS co-culture in 
treating wastewater with a low agitation photobioreactor. The 
findings also suggest that the short settling time of 30 min could 
enhance the bio-flocculation of the microalgae-AS biomass. 
Besides, short settling times can be considered as an effective 
and easy strategy in co-culture operations to promote heavy 
floc formation. This would create an advantage in microalgae 
harvesting through bio-flocculation. However, due to the low 
nitrogen removal in this study, further research should be taken to 
overcome this current disadvantage. 
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General Instructions on using this template and submitting a manuscript to 
VJSTE:  Thank you for preparing a manuscript for submission to VJSTE. Using this 
template, or following the guidelines below, will help us in processing your article. 

The structure of different types of articles may vary according to the type of study, 
and the content of the article.

The following are the detailed main components of the original research and review 
articles submitted to the journal. 

Original research
The original research should have three following parts:

Preliminary section: It includes title, list of all contributing authors with their 
institutional affiliation, and abstract (160-250 words) with at least 3 keywords.

Title:  How to format a science article (replace with your real title)
Author(s): List the author name(s) separated by commas. Use superscript numbers to 

link affiliations, and symbols *†‡ for author notes. For example, Y. Obsie1*, S.A. Adem1, 2

*Corresponding author(s): Include the email addresses or telephone numbers of 
the corresponding author(s).  Please use the asterisk (*) symbol for the corresponding 
author information. This information is at the bottom of the manuscript's first page.

Author’s affiliation addresses:
1Affiliations should be preceded by superscript numbers corresponding to the 

author list
2For any institutions, please provide the institution name, street, district, city, 

country
Received     ; revised     ; accepted
Abstract:
Start your abstract here…
Keywords: keyword 1, keyword 2, keyword 3…
Classification number(s): 1.1, 3.4, 5.3, etc.
Abstract: The abstract should range between 160 and 250 words and be structured 

in a single paragraph following keywords in a separate line. The abstract should represent 
the main part of the research manuscript. It should reflect a brief and comprehensive 
background following the aim of the study (main questions to be addressed), methods 
used for investigating the problem, a summary of significant findings, main conclusions, 
and implications of the results.

Keywords: They should come immediately after the abstract and contain 3-7 
specific and relevant keywords. They should reflect the research study and the relevant 
field of research.

Classification numbers: Depend on the Journal’s Classification Scheme. 
Author(s) are encouraged to write a “Highlights” that summarises the most exciting, 

interesting points from your manuscript.
Manuscript section: It is the main body of the scientific manuscript including: 1) 
Introduction; 2) Material(s) and method(s); 3) Results and discussion (separation of 
these two sections is acceptable); 4) Conclusions; 5) Recommendations/Suggestions/
Implications/Study limitations...(if any). These sections may slightly vary depending 
on the type of research approach and design used in the research. Each section should 
be numbered.

All of the Figures, Tables, and Equations should be cited in numerical order.  
Figures
Fig. #: (Begin each figure caption with a label, “Fig. 1.” for example, as a new 

paragraph).
Fig. 1. The figure caption should begin with an overall descriptive statement of the 

figure followed by additional text. They should be immediately after each figure. Figure 
parts are indicated with capital letters (A). If you prefer, you can place both the actual 
figures and captions logically through the text near where they are cited rather than at 
the end of the file (but not both). If a paragraph in the main text begins with the name of 
a figure, write out “Figure” in full (e.g., <para> “Figure 1 shows...”).

Tables
Table #: (Begin each table caption with a label “Table 1.”, etc. as a new paragraph).
Table 1. Start this caption with a short description of your table. Format tables 

using the Word Table commands and structures.  Do not create tables using spaces or 
tabs characters.

Table 1. Caption.
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Equations

∫
b

a
xdx  (1)

Equations can be included. We do not recommend using the native Word 2007, 
2008, 2010 or 2011 equation editor. This can in some cases produce less reliable 
MathML, the online markup language we use, which may result in display errors. 
Instead, use the legacy equation editor in Word (Insert menu; select insert object; select 
word equation) or use MathType (recommended). If you enter equations in simple 
LaTeX, check that they will convert accurately (Word 2007 and higher can convert 
simple LaTeX equations).
Closing section: It includes appendices/supplementary materials/data availability 
statement (if applicable), CRediT author statement (for multiple authors), 
acknowledgements (if applicable), competing interests, ethics (if any) and a complete 
list of references corresponding to all the citations given in the text of the manuscript. 
The appendices/supplementary materials may include data files and other material 
relevant to the research that should be submitted in separate files if required.

APPENDICES (if any) 
The appendices should ideally be under 1000 words (approximately 2 A4 pages) for 

printing version. With longer appendices, they are only accepted for online publication.
CRediT author statement (for multiple authors)
CRediT offers authors the opportunity to share an accurate and detailed description 

of their diverse contributions to the published work.
ACKNOWLEDGEMENTS (if applicable) 
This section is for the researchers who were funded for the research projects, and it 

should enclose all sources of financial support.  
COMPETING INTERESTS
The author(s) declare(s) that there is no conflict of interest regarding the publication 

of this article.
REFERENCES
For in-text citation: References should be cited in the bracket with a number [1]. 

Multiple reference citations are separated by commas [2, 3] or if a series, dashes [4-6]. 
When citing sources with the author(s) and the year, they should be shortened to the first 
author’s name, followed by et al. (with more than one author) and the year.

For reference list: With less than or equal to three authors, list all the author(s). With 
more than three authors, the first three should be listed and followed by et al. 

References are listed in numerical order, and in the same order in which they are 
cited in text. The reference list should include all and only those references you have 
cited in the text. The reference list appears at the end of the article.

The reference consists of: Initial(s) and first/last name of the author(s), author' 
names separated by commas (Year of publication), “Titles of journal articles or chapter 
of book”, Title of Journal, Book or Other Publication, Volume(Number) (if any), page 
numbers (if any), DOI (if any), URL and accessed date (if any) (in its original language 
if not English).

To cite a website and online/electronic resources, please include the accessed date 
(day month year).

Example of a reference list: 
[1] T. Binzoni, T.S. Leung, D. Boggett, et al. (2003), “Non-invasive laser Doppler 

perfusion measurements of large tissue volumes and human skeletal muscle blood RMS 
velocity”, Phys. Med. Biol., 48(1), pp.2527-2549, DOI: 10.1088/0031-9155-48-15-318.

[2] H.W. Bischoff, H.C. Bold (1963), Some Soil Algae from Enchanted Rock and 
Related Algal Species, University of Texas Publications, 95pp.

[3] R. Busi (2016), “Weedy rice in the Philippines and Vietnam”, https://www.aciar.
gov.au/publication/technical-publications/weedy-rice-philippines-and-vietnam-final-
report, accessed 15 July 2018.

Review articles
They should be different from the original research as they would contain 

different sections on the literature review. Authors may structure this part as per nature, 
background, and available literature on the issue argued in the manuscript.

For more detailed instructions, please visit our website: vietnamscience.vn or 
vietnamscience.vjst.vn

This manuscript template has been used from 2021 onwards.
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